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Molecular insight of the possible inhibition mechanism of therapeutic
cephalosporin derivatives against human glutathione reductase enzyme
Muhammet KARAMAN 1, *
1

Kilis 7 Aralık University, Faculty of Arts and Science, Department of Molecular Biology and Genetics, 79100, Kilis/ TURKEY

Abstract

Article info

Glutathione reductase is a key enzyme for glutathione metabolism. Inhibition of the enzyme
activity related to various health problems. Therefore, determination of inhibitors of the
enzyme and its possible inhibition mechanism are quite important. Some cephalosporins have
exhibited potent inhibitory effect against human glutathione reductase (hGR). In order to
understand the inhibition mechanism of the cephalosporins, we carried out molecular docking
studies with Glide docking and Induced-fit Docking methods. Binding sites of hGR were
predicted and the best suitable binding site of the drugs was identified with the Glide docking
method. The binding affinity of the drugs was calculated with the induced-fit docking method.
The best binding site of the drugs was detected as a part of the catalytic active site for
Cefoperazone, Cefodizime, and Ceftazidime, dimerization site for Cefotaxime, Ceftriaxone,
and Cefuroxime, and aromate binding site for Ceftizoxime. The Binding affinity of the
Cefoperazone was calculated as -10.643 kcal/mol. The results have indicated that hGR enzyme
would be inhibited with different mechanisms because of its several druggable sites. These
findings would be helpful for designing new inhibitors for hGR enzyme and understanding of
potential inhibition mechanism of its other known inhibitors.

1.

Introduction

Antibiotics are chemical substances naturally produced
by bacteria and plant as well as synthesis in the
laboratory. The chemical substances exhibit
antibacterial activity by killing or growth arresting of
bacteria [1] through inhibition mechanisms of cell wall
synthesis [2], cell membrane function [3], ribosome
function [4], nucleic acid synthesis [5, 6] and folate
metabolism [7]. Physical, chemical, microbiological,
pharmacological and finally clinical properties of
antibacterial agents depend on its chemical structure
[8] and they can be classified as macrolides and
lincosamides, quinolones, trimethoprim, tetracyclines,
cephalosporins, penicillinase-resistant penicillins,
narrow-spectrum penicillins and broad-spectrum
penicillins according to the chemical structure.
Cephalosporins are derived from cephalosporin C
which is a natural product of Cephalosporium
acremonium [9]. The molecular structures of
cephalosporins are closely related to penicillin with a
β-lactam ring. They exhibit antibacterial activity by
inhibiting bacterial cell wall synthesis like other
antibiotics that have a β-lactam ring [10]. The
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cephalosporins can be classified in different ways.
However, the most favourite classification is based on
generation. The classification is made according to a
general spectrum of the drugs’ activity [11]. Firstgeneration cephalosporins are used for the treatment of
infection caused by Gram-positive bacteria such as
Streptococci and Staphylococci. But they have a
relatively narrow spectrum of activity against them
[12]. Second-generation cephalosporins have broader
activity against the Gram-negative bacteria, unlike the
first generation [11] and they also exhibit resistance to
β-lactamase [13]. The activity of third-generation
cephalosporins is improved against Gram-negative
bacteria compared to the second-generation. In
addition to this, fourth-generation cephalosporins have
the broadest spectrum of activity against both Grampositive and Gram-negative bacteria. Finally, the fifthgeneration cephalosporins have enhanced activity
against multidrug-resistant gram-positive cocci [11].
More than fifty cephalosporins have been discovered
involving all generations since 1945 [14]. It is known
that cefalosporins may cause side effects such as
reversible thrombocytopenia, hemolytic anemia,
neutropenia, interstitial nephritis or abnormal liver

*Corresponding author. Email address: mhmmtkaraman@gmail.com
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function depending on using more than two weeks
[10].
Glutathione (GSH) is an essential molecule in all
mammalian cell and is the most abounded non-protein
sulfhydryl group [15]. It has several critical cellular
functions such as participating as a coenzyme in some
enzymatic reactions, protection of the thiol moieties of
proteins and low molecular weight compounds,
detoxification of toxic compounds and also protecting
against oxidative damage [16]. Glutathione reductase
(GR) plays a key role in glutathione metabolism
because it catalyzes the reduction of glutathione
disulfide (GSSG) in the presence of NADPH [17].
Naturally, intracellular concentrations of glutathione
change between 0.5 and 10 mM in the mammalian cell
[18] and the ratio of [GSH]/[GSSG] exceeds 100 in the
resting cell. However, the reduced form of glutathione
(GSH) is converted to oxidized form (GSSG) because
of oxidative stress and therefore the ratio decreases in
the cell [19]. In tissues, GSH concentration should be
kept constant at the mentioned ratio above due to it is
one of the most important components of the overall
antioxidant defense system in the body. This flavin
enzyme ensures the maintaining of high GSH and low
GSSG levels. Therefore it prevents interrupting of
glutathione-related functions in the cell [20]. Many
researchers have investigated the effects of some
antibiotics on GR enzyme activities in human
erythrocyte as in vitro [21-23].
In the literature, there are many studies which detected
the inhibitory effect of drugs against human
glutathione reductase (hGR) enzyme. However, there
is not much information about their inhibition
mechanisms on hGR enzyme. Our study shed some
light on the explanation of the mechanisms using
computational methods. It has identified that
cefoperazone, cefodizime, cefotaxime, ceftazidime,
ceftizoxime, ceftriaxone and cefuroxime are the potent
inhibitors of hGR at previously reported in vitro studies
[21, 22, 24]. In order to explore the possible inhibition
mechanism of the drugs against hGR enzyme, we
performed the Glide docking and the induced fit
docking (IFD) studies with these drugs against the
three-dimensional (3D) structure of the enzyme.

2. Material and Method
2.1. Protein target selection and processing
The X-ray crystal structure of hGR enzyme (PDB
code: 3DK9) has been chosen due to its near 1Å
resolution and good percentile ranks. The structure
also has co-crystallized ligand which can be used in the
study of docking validation. The structure was
downloaded from RCSB Protein Data Bank and

prepared using the protein preparation wizard module
because of was not suitable for immediate use in
molecular modelling calculations [25]. The protein
preparation workflow which detailed described in
previous studies was incrementally introduced as a
summary. (I) Bond order and charges have been
assigned and then missing hydrogen atoms have been
added to the structure. (II) Missing side chains have
been filled. Amino acids have been ionized at
physiological pH. (III) Water molecules have been
removed. (IV) Energy minimization and geometry
optimization have also been performed [26, 27].
2.2. Binding sites prediction
Binding sites of the prepared structure have been
predicted using the SiteMap module of Mastro [28].
SiteScore and Dscore of the sites have been calculated
using the default parameter of top-ranked potential
protein binding site. Active site and druggable site
properties of predicted binding sites have been
determined by analyzing SiteScore and Dscore,
respectively. The binding sites have also used at target
selection and docking hits evaluation [29].
2.3. Ligands preparation
3D structures of the drugs have been downloaded from
PubChem (https://pubchem.ncbi.nlm.nih.gov). A
suitable structure for molecular docking studies of the
drugs has been prepared using the LigPrep module
[30]. Briefly, their correct molecular geometries and
protonation state at pH 7.0±2.0 have been prepared
[31].
2.4. Molecular docking studies
In order to identify binding affinity and possible
inhibition mechanism of the cephalosporin drugs have
been carried out Glide docking and Induced-fit
docking studies. Glide docking studies have been
performed detection binding site where cephalosporin
drugs are best fitted using Glide module of Maestro
[32]. Validation of the Glide docking method has been
performed with the re-docking procedure by extracting
co-crystallized ligand in the structure before the drugs
were docked into binding sites of the enzyme. Briefly,
the grid box has been generated by selecting the
predicted binding site using the Receptor Grid
Generation module. Following grid generation, the
cephalosporin drugs have been docked into all
predicted binding site by setting Extra Precision (XP).
After the docking process, XP scores have been
evaluated for the detection of the best suitable binding
site [33, 34].
After detection of the best suitable binding site, the
drugs have been docked into the best suitable binding
site for each drugs using induced-fit docking module
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of Maestro [35]. Validation of induced-fit docking
method has been performed with the re-docking
procedure by extracting co-crystallized ligand in the
crystal structure of the enzyme before the drugs docked
into their best suitable the binding site. Reliability of
induced-fit docking method has been evaluated on the
basis of RMSD value which calculated with Atom pair
method in Superposition panel, between cocrystallized ligand and re-docked ligand. All drugs
have been docked into their suitable binding site with
the same procedures. For this purpose, the centroid of
the residues has been generated around the predicted
binding site in the binding site of the enzyme. After
that, side chains have been automatically trimmed
based on B-factor, closest residues to the ligand have
been refined within 3.4 Å of ligand pose in prime
reﬁnement. After the docking process, the binding
affinity of the drugs has been determined by analyzing
the Docking score and Emodel score [36].

3. Results and Discussion
GR is the key enzyme responsible for the maintenance
of reduced glutathione in cells. Therefore, the enzyme
plays a regulating role in glutathione related
metabolism. Loss of the enzyme activity causes
accumulation of toxic compound, oxidative stress and
reduction of thiol moieties of proteins and low
molecular weight compounds. So protection of the
enzyme activity is very important. However, it has
been reported that the hGR enzyme has been inhibited
by some drugs and molecules such as cefotaxime,
cefodizime [22], melatonin [37], imipenem, rifamycin,
sulfanylacetamide, ceftazidime, chloramphenicol,
ceftriaxon, vancomycin, cefuroxime, ornidazole [21],
dantrolene [38], diclofenac sodium, ketoprofen,
lornoxicam, tenoxicam etomidate, morphine, propofol
[39], dacarbazine, thiocolchicoside, methotrexate,

olanzapine, pantoprazole sodium, 5-fluorouracil [40],
ketotifen,
meloxicam,
phenyramidol–HCl,
gadopentetic acid [17], cefuroxime, ceftriaxone,
ceftizoxime and cefoperazone [24]. The enzyme
kinetics experiments are very important clarifying
inhibition type, IC50-value, and Ki-value of molecules
against their targets. However, these results may be
inadequate explaining the binding mechanism between
molecules and their targets in detail. In the previous
studies, IC50-value and Ki-value, as well as inhibition
types of cephalosporins drugs against hGR enzyme,
have been reported. In order to examine the possible
inhibition mechanism of the drugs against their targets,
we selected seven cephalosporins including
cefoperazone, cefodizime, cefotaxime, ceftazidime,
ceftizoxime, ceftriaxone and cefuroxime with potent
inhibitory effect against hGR in vitro studies. Then, we
have performed in silico evaluation of the drugs
towards hGR.
In the beginning, we have predicted 5 different binding
sites of the enzyme structure. The predicted sites have
been illustrated in Figure 1. After that, in order to
detect the best suitable binding site for the drugs, they
have been docked into the predicted sites using Glide
docking method. The best suitable binding sites for the
drugs have been identified using their docking scores.
The scores have been presented in Table 1. According
to Docking scores, while Cefoperazone, Cefodizime,
and Ceftazidime have located into the Site1.
Cefotaxime, Ceftriaxone, and Cefuroxime have
located in the Site3. Ceftizoxime has located into the
Site5, unlike other drugs. However, their possible
inhibition mechanism has not evaluated with the Glide
docking. Because the docking method uses searching
for possible locations of the ligand in the binding sites
of the receptor [41].

Table 1. The glide docking scores of the drugs into predicted binding sites of hGR enzyme
Name

XP Score (kcal/mol)
Site 1

Site 2

Site 3

Site 4

Site 5

Cefoperazone

-7.026*

-1.911

-4.857

-2.727

-6.122

Cefodizime

-6.495*

-3.843

-4.955

-3.019

-5.894

Cefotaxime

-5.148

-3.078

-5.391*

-2.926

-4.649

Ceftazidime

-5.730*

-2.169

-4.723

-5.105

-5.186

Ceftizoxime

-4.390

-1.346

-3.643

-2.913

-4.633*

Ceftriaxone

-4.668

-2.707

-5.926*

-3.122

-5.046

Cefuroxime

-4.898

-2.573

-5.213*

-3.477

-4.652

*Best binging sites for docked drugs
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Following detection of the best suitable binding sites
for each drug, the drugs have docked into their binding
site using the induced-fit docking method. Induced-fit
docking method provides fully flexibility for protein
structure by relaxing small backbone in the receptor
structure as well as significant side-chain
conformational changes [42], unlike the Glide docking
method. Therefore, the method has been used for
detecting of possible inhibition mechanism of the
drugs.

The human glutathione reductase is a flavoenzyme
which uses flavin adenine dinucleotide (FAD) as a
prostatic group in catalysis [43]. When NADPH binds
to the enzyme, FAD acts as a bridge which transferred
electron to Cys58-Cys63 disulfide bond from NADPH
[44]. Reduced Cys58 residue causes two GSH
molecules by attacking GSSG [43]. Therefore, after
best suitable binding sites detection, the drugs have
been docked into their best suitable binding sites using
the induced-fit docking method. Fallowing docking
procedure, docking hits for each drug have been
evaluated on the bases of Docking scores. The scores
have been presented in Table 2. Pose with the highest
score in the negative direction has been chosen as the
best-pose. Then, in order to detect possible inhibition
mechanism of the drugs, their 2D interaction modes
and 3D detailed binding modes have examined.
Interacted residues with them have been presented in
Table 3.

Figure 1. Predicted binding sites of the hGR enzyme.

Figure 2. 2D interaction mode of best-posed drugs. (a) Cefoperazone, (b) Cefodizime, (c) Cefotaxime, (d) Ceftazidime, (e)
Ceftizoxime, (f) Ceftriaxone and (g) Cefuroxime into their best suitable binding site.

The drugs have strong binding affinity due to the
construction of a good few hydrogen bonds and
aromatic hydrogen bonds as seen in Figure 2 and
Figure 3. Cefoperazone, Cefodizime, and Ceftazidime
interacted with Site1 residues have constituted more
hydrogen bonds with the residues than those of other
drugs. 𝜋𝜋-𝜋𝜋 Stacking, 𝜋𝜋-cation or salt bridge interaction
have also contributed to the binding affinity of

Cefodizime,
Ceftazidime,
Ceftizoxime,
and
Ceftriaxone. The drugs fitted into Site1 and Site3 have
similar interaction with those of NADPH and FAD
because the site has constituted parts of catalytic active
sites. 2D interactions of NADPH and FAD have been
shown in Figure 5. Nordhoff et. al. [45] have expressed
that 436-459 residues responsible for dimerization of
hGR enzyme monomers. Site3 residues have included
some of the 436-459 residues.
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Table 2. Induced fit docking scores of the drugs into their best binding site.
IFD Docking Score
(kcal/mol)

Experimental Ki
(mM)

Inhibition Type

Cefaperazone

-10.643

0.029
[24]

Non-Competitive

Cefodizime

-6.120

0.745 ± 0.222
[22]

Competitive

Cefotaxime

-8.035

6.512 ± 4.114 [22]

Non-Competitive

Ceftazidime

-6.480

3.590 ± 0.510
[21]

Competitive

Ceftizoxime

-7.852

22.760
[24]

Non-Competitive

Ceftriaxone

-6.079

3.710 ± 0.600
[24]

Non-Competitive

Cefuroxime

-7.690

23.500 ±2.940 [21,
24]

Competitive

Name

Structure

Cefotaxime, Ceftriaxone, and Cefuroxime have
formed hydrogen bond, salt bridge, and negative
interactions with the dimerization residues as seen in
Figure 2-c-f-g. Therefore, they can cause inhibition of
the enzyme by hindering dimerization. Unlike the
others, Ceftizoxime has interacted with residues of the
different binding site, site5, as seen in Figure 2-e and
3-e. The site has named as aromate binding site by

Kasozi et. al. [46]. They have identified that pyocyanin
molecule inhibited the hGR enzyme by interacting
with the residues of the aromate binding site.
According to the docking scores and the interaction
modes of the drugs, we have explored that they exhibit
strong binding affinity and are potent inhibitor for hGR
as indicated previously in vitro studies.

751

Karaman / Cumhuriyet Sci. J., 41(4) (2020) 747-755

Figure 3. 3D detailed binding mode of best-posed drugs. (a) Cefoperazone, (b) Cefodizime, (c) Cefotaxime, (d) Ceftazidime,
(e) Ceftizoxime, (f) Ceftriaxone and (g) Cefuroxime into their best suitable binding site. Drugs have been
represented as colored ball-stick model and amino acid residues have been represented as grey thick-tube model.
Table 3. Interacted residues with the drugs into hGR enzyme.
Name
Cefaperazone
Cefodizime
Cefotaxime
Ceftazidime
Ceftizoxime
Ceftriaxone
Cefuroxime

Hydrogen Bond
Ala195, Met216, Arg218, Ser225, Gln250, Lys252, Ile289
Gln167, Lye252, Glu253, Ser264
Pro368, Val370, Asp441, Gln445
Gln167, Met216, Arg218, Ser249, Val251, Lys252
His75, Lys93, Asn95, Lys102, Leu209
Pro368, Val370, Gln445, Lys452
Phe372, Gln445

In order to give a more detailed explanation for their
possible inhibition mechanism, we also compared
confirmation of important catalytic active site residue
for Native hGR (hGRnative), NADPH docked hGR
(hGRNADPH) and Cefoperazone docked hGR
(hGRCefoperazone). These structures have been illustrated
in Figure 4. For the comparison, we have used Cys58,
Cys63, Tyr197, and Phe327 residues. Because Cys58
and Cys63 residues directly participate in the catalytic
activity of the enzyme and conformations of Tyr197
and Phe327 residues have changed with NADPH
binding [43]. According to Figure 4, the position of

𝜋𝜋-𝜋𝜋 Stacking
and 𝜋𝜋-cation
Arg218
Arg218
His75
-

Salt Bridge
Lys252
Lys452
-

hGRNADPH Cys58 and Cys63 residues significantly
differ from those of hGRnative end hGRCefoperazone and the
distance between the residues has calculated as 0.646
Å. These results have indicated that NADPH bonded
structure get active form. Alongside the residues, the
position of Tyr197 and Phe327 residues of
hGRCefoperazone differ from hGRNADPH structure and the
distance between the residues has calculated as 0.322
Å. The results have also indicated that Cefoperazone
causes to remain at the inactive form of the enzyme by
effecting conformation of the catalytic active site.
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Figure 4. Conformation of active site residues. (a) FAD and residues and (b) active site residues. FAD and residues of
hGRnative have been represented grey color, FAD and residues of hGRCefoperazone have been represented turquoise
color, and residues of hGRNADPH has been represented green color.

Figure 5. 2D interaction mode of the best-posed (a) NADPH and (b)FAD into catalytic active site of hGR enzyme.

4. Conclusions
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Abstract

Article info

Compounds with pyrimidine ring in their structure have many biological activities including
antimicrobial, antiviral and anticancer. Recently, studies related to their synthesis and so their
applications have increased. In a previous study, a solid-phase microwave method was used
to synthesized 25 new hydroxy- and methoxy-substituent 4,6-diarylpyrimidin-2 (1H) -ol and
4,6 diarylpyrimidin-2 (1H) –thiol compounds. In the present study, as a preliminary estimation
of the anticancer activity, the cytotoxicity and oxidative stress induction potential of 6
derivatives that show highest antibacterial activities was evaluated in human lung epithelial
cancer cell line (A549). Results of the 3-[4,5-dimethylthiazol-2-yl]-2,5-diphenyltetrazolium
bromide (MTT) cytotoxicity test indicate that pyrimidine derivatives caused concentrationdependent cell death that IC50 values were calculated between 16.7 and 41.5 µg/mL.
additonally, pyrimidine derivatives induced significant changes in malondialdehyde (MDA)
and glutathione (GSH) levels and catalase (CAT) activity; oxidative stress could be the
mechanism of action of the tested pyrimidine derivatives in the cancerous cells. The results
could be used to design the further in vivo and in vitro detailed studies to appreciate these
pyrimidine derivatives anticancer activity, compare this activity with in-use known drugs,
elucidate their mechanisms of action and estimate their safety.
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1. Introduction
Pyrimidine is a heterocycle organic aromatic diazine
structure, containing nitrogen atom at the 1 and 3
positions of the hexagon ring [1]. Pyrimidine ring
widely found in different natural compounds; thymine
base, uracil base, and cytosine base in DNA and RNA,
vitamin B1, vitamin B2, vitamin B6, and folic acid are
examples of compounds with pyrimidine ring in their
structures [1,2]. This wide existence of pyrimidine ring
in nature and especially in the nucleic acids as DNA
bases isosteres, and their ability to make hydrogen
bonds and pi bonds suggest that pyrimidine derivatives
can easily interact with polymers in the living
organisms [1,3], therefore, different studies were
modified these structures and evaluate their biological
activities. It was shown that pyrimidine derivatives
have antimicrobial and antifungal [4], anticancer [5],
antiviral [6-8], calcium channel blocker, antimalarials,

antihypertensive, antituberculosis, anti-inflammatory,
and antiulcerogenic [9,10], anagenetic, anticonvulsant
and antioxidant activities [11].
The anticancer activity of pyrimidine derivatives
attracts the attention; especially that different
pyrimidine nucleoside analogues as forodesin, tegafur,
thioguanine, cytarabine, phasarabin and zebularine
[12-14]; and DNA polymerase inhibitor as cytarabine
are used in haematological malignancies and solid
tumours treatment [12].
Pyrimidine derivatives could be synthesis by different
methods. Some of these are difficult, waste of time,
inefficient or harsh reactions [15-21]. Fandakli et al.,
(2016; 2018) used a solid-phase microwave method to
synthesis 25 new hydroxy- and methoxy-substituent
4,6-diarylpyrimidine-2(1H)-ol
and
4,6

*Corresponding author. e-mail address: abudayyak@ktu.edu.tr
http://dergipark.gov.tr/csj ©2020 Faculty of Science, Sivas Cumhuriyet University

Abudayyak et al. / Cumhuriyet Sci. J., 41(4) (2020) 756-763

diarylpyrimidine-2(1H)–thiol pyrimidine compound
derivatives and evaluate their gram-negative and grampositive antibacterial activities, α-glucosidase activity
and in vitro pancreatic lipase activity. Besides the
antilipase activity and the inhibitory effects on α glucosidase, results showed that some of these original
pyrimidine drivetives possess significant activity
against Escherichia faecalis, Staphylococcus aureus,
Bacillus cereus and Mycobacterium smegmatis with
minimum inhibitory concentrations between 62.5 and
500 µg/mL [13,14].
The antibiotics are amongst the most important
anticancer chemotherapeutic agents, different agents
of anthracycline, mitomycin and other families known
for ther antineoplastic activity. Doxorubicin,
daunorubicin, idarubicin, mitoxantrone are examples
of antibiotics that currently in use as anticancer agents
[22,23].
Inasmuch as different pyrimidine derivatives have
anticancer activity and as antibiotics assume to be
important group of antineoplastic agents; It was
hypothesized that the previously synthesized [14]
pyrimidine derivatives which have antibiotic activity
have also anticancer activity. In order to test this
hypothesis, the anticancer activity of the 6 pyrimidine
derivatives with the highest antibacterial activity in the
aforementioned study was evaluated in human lung
cancer epithelial cell line (A549) one of the most
widely used cell lines in toxicology and new drug
development studies. The cytotoxicity was assessed by
MTT assay. The MDA and GSH levels and CAT
activity were evaluated as endpoints of oxidative
stress, one of the most important mechanisms of action
of anticancer agents in cancerous cells.

phosphate, and Sodium chloride were obtained from
Sigma-Aldrich (Missouri, USA).
The tested pyrimidine derivatives (Figure 1) were
synthesized according to method of Fandakli et al.
[13,14]. Brifely, 15 mL of chloroform was used to
dissolve urea (or thiourea), Methoxy- and hydroxysubstituted 1,3-diaryl-2-propene-1-one (4 mmol of
each). The solution was completely adsrobed in CeliteAlCl3 (5:2 ratio). The adsorbed metrials were put into
milestone micro wave oven and heated for 10 minuts
at 85 ºC using fixed power (600 Watt). After the
dissolving using methanol, nutralization by HCl (2 N)
and evapuration, the residue dissolved in water and
extracted by chloroform. hexane and hexane diethyl
ether solvent mixture and column chromatography was
used to purify the chemicals. Methods and devices as
nuclear magnetic resonance (NMR), Fourier-transform
infrared
spectroscopy
(FT-IR),
and
liquid
chromatography with tandem mass spectrometry (LCMS/MS) were used to confirm the strctures [13, 14].

Figure 1. The tested pyrimidine derivatives

2. Materials and Methods

(A) 4-(4-hydroxyphenyl)-6-(3-methoxyphenyl)pyrimidin-2-ol(4OHR-U)

2.1. Materials

(C) 4- [2-mercapto-6-(3-methoxyphenyl) pyrimidin-4-yl] phenol(4OHR-T)

(B) 4- (3-hydroxyphenyl) -6-phenylpyrimidin-2-ol (3OH-U)

GSH ELISA kit was purchased from Elabscience
(Wuhan, China). Fetal bovine serum (FBS), phosphate
buffer solution (PBS), DMEM (dulbecco’s modified
eagle’s medium) - F12, Trypsin / EDTA (0.05%
Trypsin, 0.53mM EDTA), and antibiotic solution
(Penicillin-Streptomycin Solution 100X ) were
purchased from Multicell (Wisent Bioproducts,
Quebec, Canada). Dimethyl sulfoxide (DMSO),
bovine serum albumin (BSA), MTT (3-[4,5dimethylthiazol-2-yl]-2,5-diphenyltetrazolium
bromide), thiobarbituric acid, trichloroacetic acid,
hydrogen peroxide (H2O2), ethyl alcohol, and
chloroform, Urea, hydrochloric acid (HCl), sodium
(meta) arsenite, Potassium phosphate, Monopotassium

(D) 4,6-bis(3-hydroxyphenyl) pyrimidin-2-ol (3,3'-OH-U)
(E) 3.3'-(2-mercaptopyrimidine-4,6-diyl) diphenol (3,3'-OH-T)
(F) 4- (2-mercapto-6-phenylpyrimidin-4-yl) phenol (4OH-T)

2.2. Cell culture and chemical exposure
Human Lung epithelial carcinoma (A549) cell line
(CCL-185™) was obtained from American Cell
Culture Collection (ATCC). Cells were cultured in
DMEM: F12 medium supplied with 10% heat
inactivated FBS and 1% antibiotics (PenicillinStreptomycin Solution 1X). The cells were incubated
at 37°C, with 90% humidity, and 5% CO2. In the
cytotoxicity evaluation, 96- well plates were used,
while the cells incubated with the synthesized
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chemicals in 25 cm2 flasks for oxidative stress
evaluation.
2.3. Cytotoxicity evaluation
The cytotoxicity potential of pyrimidine derivatives
was evaluated using MTT assay. In this test, the watersoluble yellow MTT dye metabolized to waterinsoluble
formazan
crystals
by
succinate
dehydrogenase mitochondrial enzyme which is active
only in the viable cells [24]. Fort that, cells with density
about 1x104 cell/well were treated with concentrations
arrange from 12.5 -100 µg/mL for 24 hours. DMSO
was used to solve the chemicals; 1% DMSO was used

as a solvent (negative) control group and 0.5 %Tritonx-100 was used as positive control. After the exposure
period, 25 µL of 5 mg/mL MTT solution was added for
each well has cell and incubated for further 2 h. The
supernatant discarded and 100 µL DMSO was added
to the wells. The Plate reader (Epoch, Erlangen,
Germany) was used to measure the optical densities
(OD) at 590 nm (reference wavelength of 670 nm). The
concentrations caused a 50% inhibition of enzyme
activity in the cells (IC50) were calculated from dose
response curve using Microsoft Excel computar
programme, compared to the negative control group
and using the equation 1, Results were expressed as
mean (n=12) ± standard deviation (± SD).

Equation 1:

Inhibition (%) = 100 – [(corrected mean OD sample × 100) /corrected mean OD solvent control]

2.4. Oxidative stress induction
Lipid peroxidation assay: The formation of
thiobarbituric acid reactive substances (TBARS)
accept as evidence of the existence of MDA which is
the end-product of lipid peroxidation[25]. For that,
about 1-2x106 cells/flask were incubated for 24 hours
with 1, 5 and 10 µg/mL, and with 1% DMSO or H2O2
at 100 µM concentration as negative or positive
control, resepectivly. After that, the exposed cells were
trypsinized, counted and adjusted to 106 cells/mL, the
cells were exploded by repeated freeze-thaw three
times and centrifuged at 1500 rpm for three minutes. 1
mL of cell supernatant was mixed with 500 µL of
trichloroacetic acid- sodium (meta) arsenite solution
(28%) and centrifuged at 2000 rpm for 15 minutes. 250
µL of thiobarbituric acid was added to 1 mL of the
supernatant, mixed and incubated in a water bath at
90ºC for 15 minutes. After cooling, the absorbance was
measured by spectrophotometer (Epoch, Erlangen,
Germany) at 532 nm. 1,3,3-tetraethoxypropane was
used as the standard, and the standard curve (0.312 –
15 nmol/mL) was used to calculate MDA levels in the
cells. Results were expressed as nmol/g protein.
CAT assay: The activity of CAT in the cells
homogenates was assayed according to the method of
Aebi (1984) [26]. In this method, the rate constant of
hydrogen peroxide decomposition by catalase enzyme
assessed by determining the decrease in the absorbance
at 240 nm, and calculate according to the first-order
kinetic equation (equation 2).
Equation 2:

k=(2.3/t) (log A0/A1).

K: the rate constant of a first-order reaction.
t: time.
A0: absorbance of standard tube.
A1: absorbance of test tube.

For that, cells exposed to pyrimidine derivatives were
collected, accounted, adjusted to 106 cells/mL, and
ruptured using the repeated freeze-thaw method for
three times. 20 µL of cellular supernatant was mixed
with 2 mL of phosphate buffer and added to a quartz
spectrophotometer cuvette. 1 mL of 40 mM H2O2 was
mixed, and immediately the decrease in absorbance (at
240 nm) of the sample was monitored for 3 minutes at
30-secondes intervals. Specific activity was expressed
as k per mg of protein.
Glutathione level: The GSH levels were assessed by
ELISA kit (Elabscience, Wuhan -China ) according to
the manufacturer’s instructions. Briefly, After the
treatment of cells with 1, 5 and 10 µg/mL pyrimidine
derivatives for 24 hours, the cells harvested,
accounted, adjusted to 106 cell/mL, and ruptured by a
freeze-thaw method. The cells were centrifuged at
2000 rpm for 15 minutes and the supernatants were
used. 50 µL of supernatants were added to wells with
50 µL of biotinylated detection solution and Incubated
at 37°C for 45 minutes. After washing three times, 100
µL of Horseradish Peroxidase (HRP) conjugate
solution was added to each well and incubated at 37°C
for 30 minutes. Then, the wells were washed, and 90
µl of substrate reagent was added to the wells and
incubated at 37°C for 15 minutes. the absorbance at
450 nm was measured directly after adding 50 µL of a
ready to use stop solution provieded with kit. The GSH
levels were calculated according to the standard curve
and the results were expressed as µg/g protein.
Protein amount assessment: Bradford (1976) method
[27] was used to evaluate the protein amount in the cell
suspensions used in oxidative stress evaluation. For
that, in a microplate, 150 µL of cell suspension was
mixed with 7.5 µL of Bio-Rad protein assay kit
solution. The plate incubated in dark at room
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temperatures for 10 minutes. Then the absorbance was
measured at 595 nm. Protein amounts were calculated
according to the BSA standard curve (0.0075 – 0.5
mg/mL).
2.5. Statistical analysis
Cytotoxicity assays were done in triplicates and
repeated in four independent days (n=12). Oxidative
damage evaluation assays were done in triplicates in
three independent days (n=9). Data are expressed as
mean ± standard deviation (SD). The cells exposed to
DMSO (1%) were evaluated as negative (solvent)
control. The significance of differences between
negative control and exposed cells was evaluated using
a one-way analysis of variance (ANOVA) and post hoc

-Dunnett’s test by SPSS version 23.0 for Windows
(SPSS, Inc.). p-value less than 0.05 was chosen as the
level of significance.

3. Results
3.1. Cytotoxicity evaluation
MTT test was performed to evaluate the cytotoxic
potentials of the previously synthesized pyrimidine
derivative compounds (concentrations 12.5-100
µg/mL) on the A549 cell line. Results showing that
concentration-dependent cytotoxicity are given in
Table 1. IC50 values for these compounds were
calculated to be between 16.7-41.5 µg/mL (Figure 2).

Table 1. MTT test results of pyrimidine derivative.
Compound

Cell death Ratio ± SD (%) at exposure concnetrations
12.5 µg/mL
25 µg/mL
50 µg/mL
100 µg/mL

IC50 (µg/mL)

4OHR-U
3OH-U
4OHR-T
4OH-T
3,3'-OH-T
3,3'-OH-U
45
40
35
30
25
20
15
10
5
0

16.7 ± 1.2 %
5.7 ± 0.8 %
7.6 ± 0.5 %
24.1 ± 1.6 %
23.1 ± 3.5 %
8.5 ± 1.5 %

4OHR-U

3OH-U

75.3 ± 4.7 %
65.0 ± 5.3 %
45.4 ± 4.4 %
93.0 ±7.2 %
29.5 ± 2.1 %
66.3 ± 6.1 %

4OHR-T

96.1 ± 8.6 %
94.8 ±5.1 %
93.8 ± 7.3 %
96.2 ± 6.8 %
71.5 ± 3.3 %
91.0 ± 7.1 %

4OH-T

3,3'-OH-T

95.6 ± 5.3 %
97.0 ± 2.5 %
97.1 ± 9.1 %
95.6 ± 4.3 %
94.3 ± 5.2 %
95.7 ± 8.4 %

3,3'-OH-U

Pyrimidine derivative
Figure 2: The cytotoxicity activity of pyrimidine derivatives by MTT test.

3.2. Oxidative stress induction
Results indicate that oxidative stress could be a mechanism of the tested pyrimidine derivative; that 4OHR-T
significantly (p≤0.05) induced a change in CAT activity (≤2-folds) and increases the GSH levels (≤1.9-folds) at
all test concentrations. 4OH-T similarly induced changes in CAT activity (≤1.8-folds), decreased GSH levels
(≤1.4-folds) at 5 and 10 µg/mL groups and increase MDA level at 1 µg/mL group. 3,3'-OH-T induced a
significant increase in MDA level (≤4.4-folds) and CAT activity (≤1.3-folds) at all concentrations and decreased
GSH level at the highest test concentration (10 µg/mL). Both 3OH-U and 3,3'-OH-U induced a significant
increase in MDA level (≤1.3-folds and ≤1.9-folds, respectively) at 5 and 10 µg/mL groups. While 4OHR-U did
not significantly change the tested parameters (Table 2).
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Table 2. The oxidative stress induction by pyrimidine derivatives.
Concentration
MDA
(µg/mL)
(nmol/g protein) ± SD
Negative Control
0
0.617 ± 0.28
4OHR-U
1
0.804 ± 0.46
5
0.745 ± 0.24
10
0.622 ± 0.11
3OH-U
1
0.616 ± 0.01
5
0.782 ± 0.06*
10
0.816 ± 0.155*
4OHR-T
1
0.737 ± 0.054
5
0.748 ± 0.223
10
0.620 ± 0.167
4OH-T
1
1.171 ± 0.011*
5
0.635 ± 0.184
10
0.709 ± 0.091
3,3'-OH-T
1
1.077 ± 0.212*
5
2.689 ± 1.321*
10
1.276 ± 0.425*
3,3'-OH-U
1
0.624 ± 0.255
5
1.173 ± 0.397*
10
0.926 ± 0.245*
† significant decrease compared to the negative control, (p ≤0.05).
* significant increase compared to the negative control, (p ≤0.05).

4. Discussion
Different studies show that pyrimidine derivatives are
pharmacologically important promising compounds as
anti-cancer, antiviral, and antibacterial agents [1,13]. A
previously synthesized new antibacterial active 6
pyrimidine derivatives were evaluated in A549 cells
for cytotoxicity and different oxidative stress endpoint.
As these compounds did not evaluated previously for
cytotoxicity; their activities were compared and
discussed according to other pyrimidine derivatives
that have similar features. In the study conducted by
Altıparmak D. (2018) the cytotoxic effect of
nucleoside analogs containing pyrimidine ring was
investigated with the National Cancer Institute (NCI)
anticancer activity test (sulforodamine B / SRB) using
Huh7 liver, HCT116 colon, and MCF7 breast cancer
cell lines. The results show that nonsignificant
cytotoxicity for these compounds. However, it was
observed that 4- (3,4-dichlorophenyl) piperazine-1 (βD-ribofuranosyl) -5- (methyl) -2 (1H) -pyrimidinone
compound showed a cytotoxic effect close to
fludarabine in the MCF7 breast cells (IC50: 17.5 µM,
Fludarabine IC50: 15.2 µM) [12]. In other study, the
cytotoxicity of some new 2,5-disubstituted 1,3,4oxadiazole derivatives containing pyrimidine ring was
evaluated at 3.9-500 mg /mL concentrations in A549
cells. Their results indicated that some of the
synthesized compounds as, 1-phenyl-2- [5- (3(pyrimidin-2-yl) thio) propyl) -1,3,4-oxadiazol-2-yl)
thio] ethane-1-on (IC50: 68.33 mg /mL ) and 1- (4methoxyphenyl) -2- [5- (3- (pyrimidin-2-yl) thio)
propyl) -1,3,4-oxadiazol-2-yl) thio] ethane-1-on

GSH
(µg/g protein) ± SD
0.280 ± 0.056
0.313 ± 0.092
0.323 ± 0.086
0.285 ± 0.122
0.293 ± 0.053
0.316 ± 0.096
0.306 ± 0.038
0.545 ± 0.106*
0.346 ± 0.055*
0.376 ± 0.094*
0.321 ±0.110
0.207 ± 0.087†
0.232 ± 0.082†
0.277 ± 0.064
0.327 ± 0.102
0.207 ± 0.91†
0.282 ± 0.077
0.310 ± 0.052
0.254 ± 0.150

CAT
(K/g protein) ± SD
6.42 ± 0.55
5.77 ±0.12
5.83 ±0.14
4.52 ±0.28
4.88 ±1.20
5.17 ±0.90
6.09 ±0.0
7.33 ±1.30
8.63 ±0.0*
12.09 ±0.0*
8.80 ±0.50*
9.21 ±0.0*
11.45 ±0.0*
7.95 ±0.0*
8.09 ±0.0*
8.47 ±0.0*
4.49 ±0.25
4.15 ±0.19
5.05 ±0.88

compound (IC50: 95 mg /mL ), have important
anticancer activities against the A549 cell line [28].
Kahriman et al. (2019) indicated that the new 2,4,6-trisubstituted pyrimidine and their N-alkyl bromide
derivatives inhibit the cell proliferation and caused a
cytotoxic effect, (IC50: 2-10 µg/mL), in MCF7, A549,
Hep3B, C6, Hela, Ht29 and FL cell lines [29]. The
cytotoxicity of thiazole-pyrimidine derivatives
synthesized as an anti-candid agent was evaluated by
Cytotoc-XTT 1 cytotoxicity kit in A549 and NIH3T3
mouse embryonic fibroblast cell lines. Results
indicated that while some compounds like 2- (3,4diphenyl-3H-thiazole-2-ylidene)
amino-4,6dimethylpyrimidine have low cytotoxicity, other
compounds like 2- [3-phenyl-4- (4-nitrophenyl) -3Hthiazol-2-ylidene]
amino-4,6-dimethylpyrimidine
compound have high cytotoxic potential with IC50
value 1.27 and 25.11 µg /mL in NIH3T3 and A549
cells, respectively [30]. Gömez-Jeria et al. (2015)
evaluate the cytotoxicity of some pyrimidinebenzimidazole derivatives in MCF-7, MGC-803
human stomach cancer, EC-9706 human esophageal
cancer, and SMMC-7721 human liver cancer cell lines.
The IC50 values calculated to be between 0.03-1.83
µM. Besides that, they reported an antiproliferative
activity of pyrimidine-benzimidazole derivatives [31].
Similarly, Xie et al. (2009) reported a strong inhibitory
activity of 2,4,5-substructured pyrimidine derivatives
against the BEL-7402 hepatocellular carcinoma cell
line (IC50 < 0.10 µM) [5].
In the current study, the cytotoxicity of six pyrimidinederived compounds was evaluated in A549 cells using
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MTT test. Our results indicate that the tested
pyrimidine-derivatives induce a concentrationdependent cell death with IC50 values calculated to be
between 16.7-41.5 µg/mL. Of these, the 4OH-T
compound with an IC50 value of 16.7 µg/mL is the
most toxic. While 3,3’-OH-T compound has the lowest
cytotoxicity with an IC50 value of 41.5 µg/mL. In
compare with the previous data which show that
antineoplastic agents have different IC50 values in
A549 cell line, where the IC50 calculated to be 0.53 for
epirubicin, 3.59 µg/mL for 5-fluorouracil and for
cisplatin, 20.56 µg/mL for paclitaxel, while it was
calculated to be 41.31 µg/mL for carboplatin and to be
60.24 µg/mL for etoposide [32]; The tested
pyrimidine-derivatives show a good cytotoxic activity,
and these results indicate that these pyrimidinederivatives could be developed and studied as
antineoplastic compounds.
The potential for oxidative damage related to the
compounds containing pyrimidine derivative was not
estimated before. In order to evaluate the oxidative
damage potentials, MDA, GSH levels, and catalase
activity were determined. In general, the tested
pyrimidine derivatives, except 4OHR-U, induced
significantly oxidative stress either by increasing the
level of MDA (0.616 – 2.96 nmol/g protein), increase
CAT activity (4.15 – 12.1 K/g protein) or change the
level of GSH (0.207 – 0.545 µg/g protein) after 24
hour exposure period.
In
conclusion,
pyrimidine
derivatives
are
pharmacologically important compounds; The
previously synthesized and shown to have high
antibacterial activity, have also cytotoxic activity
against human lung cancer cells. Besides that,
compounds induced oxidative damages in the cells,
which could be the mechanism of action of these
compounds in the cells. The tested pyrimidine
derivatives are promising, our results could be used as
preliminary data to design further in vitro, in vivo
studies to develop these derivatives and evaluate their
pharmacological and toxicological activities.
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Abstract
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Chickpea has an increasing importance due to potential as a functional food. This study aimed
to compare three kabuli genotypes (Gülümser, Sarı and Arda) with three desi genotypes (ICC
3996, Gaffa and ICC 12004) considering nutrients and antioxidant capacity. Therefore,
nutritional values of seeds were analyzed in terms of tota l protein, carbohydrate and mineral
element contents, while total phenolic and total flavonoid contents besides ABTS and DPPH
radical scavenging capacities were tested to investigate antioxidant capacities. Kabuli
genotypes were superior to desi genotypes considering seed weight, seed volume and
hydration capacity. All genotypes except ICC 3996 were rich in protein. Despite its small
seeds, ICC 3996 genotype was identified as the richest genotype according to carbohydrate
content. ICC 3996 and Arda had superiority over other genotypes according to ABTS and
DPPH antioxidant capacities. Sarı and Gülümser were determined to be superior to other
genotypes according to phenolic and flavonoid contents. Desi genotypes were superior to
kabuli genotypes considering Ca, Na, Mg, Fe and Cu contents, while Mn and Ni contents
were significantly higher in kabuli seeds. The results of the study showed that all genotypes
can be accepted as functional food, supported by rich nutritional values and mineral contents.
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1.

Introduction

Chickpea (Cicer arietinum L.) is an annual grain
legume belonging to Cicer genus, Fabaceae family,
Papilionaceae sub-family and Cicereae tribe [1]. It is
the unique cultivated plant among the 43 wild (9
annual and 34 perennial) species in Cicer genus [2].
Self-pollination and diploid cells with 2n = 16
chromosomes are the other important features of the
species [3]. The first cultivation of chickpea took place
in the Fertile Crescent 10,000 years ago. South-eastern
region of Turkey is accepted to be the most possible
gene centre of chickpea [4]. Considering the
worldwide cultivation area (14.6 M ha), chickpea is the
second most produced pulse crop mostly grown in
arid/semi-arid regions [5]. The global popularity of C.
arietinum mostly depends on its protein-rich seeds. In
addition to rich protein content, chickpea seeds are
inexpensive and easily accessible foods for human and
animal nutrition, as they are good sources of
carbohydrates [6]. The seeds are free from cholesterol,
low in fat and contain large amount of fiber, folate, βcarotene, vitamins and minerals including calcium,
magnesium, phosphorus, zinc and iron [7, 8]. Its
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outstanding nutrient content makes chickpea seeds
important for the nutrition of vegetarians and people
who cannot afford animal protein. In addition to its
nutritional properties, cooking quality is an important
criterion for consumers to prefer dried legume seeds.
Physical characteristics of chickpea seeds including
weight, density and hydration capacity can affect
cooking quality [9]. On the other hand, chickpea has a
special importance for sustainable agriculture in
nitrogen-poor soils. According to chickpea fallow
trials, symbiosis with bacteria for nitrogen fixation
allows the crop to fix 60-103 kg ha−1 nitrogen to the
fields [7].
Chickpea genotypes are classified as “desi” or “kabuli”
according to characteristics of their seeds. Desi type
chickpea has small and dark coloured seeds with thickrough coat, while kabuli type has large seeds with thin
and light coloured coat [10]. The two genotypes are so
different that desi has pink flowers and a stem with
anthocyanin pigmentation, while kabuli has white
flowers and anthocyanin-free stem [11]. Kabuli
chickpea, which is thought to be derived from the
mutation of desi type, is mainly grown in
Mediterranean region, Central Asia and America. On
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the other hand, desi type is mainly cultivated in India
and several regions of East Africa [12]. Turkey is
among the most important chickpea producers with
630,000 tons of annual production and per capita
consumption of chickpea is 5.8 kg per year in Turkey
[5].
Legumes are substantial sources of biologically active
compounds with influential antioxidant, anticancer and
antiaging capacities [13]. However, the literature on
the antioxidant capacity of chickpea seeds is extremely
weak. Therefore, the aim of this study was to compare
the nutrient contents and antioxidant capacities of desi
and kabuli chickpea genotypes, as well as their
physical properties. For this purpose, protein, total
carbohydrate and element content were investigated in
chickpea genotypes. Antioxidant capacities of
different seeds were screened utilizing total phenolic
and flavonoid contents and 2,2´-azinobis(3ethylbenzthiazoline-6-sulfonic acid) (ABTS.+) and 1,1diphenyl-2-picrylhydrazyl
(DPPH.+)
radical
scavenging potentials.

2. Materials and Methods
2.1. Preparation of materials
Three kabuli (Sarı, Arda, Gülümser) and three desi
(Gaffa, ICC 3996 and ICC 12004) chickpea genotypes
(Figure 1) provided by Eastern Mediterranean
Agricultural Research Institute, Adana, Turkey were
used in this study. The names of the genotypes were
coded as KS (Sarı), KA (Arda), KG (Gülümser), DG
(Gaffa), D39 (ICC 3996) and D12 (ICC 12004). Kabuli
genotypes bred and registered by Turkish researchers
were selected especially based on large and lightcolored seeds. Desi genotypes were randomly selected
for different seed colors and sizes to represent the class
of interest. 300 seeds from each genotype were
selected in approximately equal sizes. Seed surfaces
were sterilized with 2% sodium hypochlorite solution
to remove pesticide residues and other contaminants.
Following the sterilization procedure, the seeds were
rinsed three times with distilled water.

Figure 1. Seeds of kabuli and desi types.

2.2. Determination of physical characteristics
Physical properties of seeds were evaluated according
to the method mentioned by Zia-Ul-Haq [14]. 50 seeds
were randomly selected for each genotype and
weighed to determine the mean seed weight (g/seed).
100 seed were soaked in a 100 ml flask filled with 50
ml distilled water. Seed volume (ml/seed) was
calculated by dividing the volume increase by 100.
Seed density (g/ml) was obtained through dividing
seed weight by seed volume. Seeds were kept in
distilled water for 24 hours following weighing and the
hydration capacity (gr/seed) was determined from the
increase in weight at the end of the period. The
hydration index of seeds was calculated by dividing the
hydration capacity by the original seed weight. All
analyses were repeated three times.
2.3. Determination of protein content
Total protein content of seeds was determined
according to Biuret method [15]. Seeds were grounded
into powder with a grinder following 24 hours of
imbibition period in distilled water. 0.5 g chickpea
flour was extracted in 1.5 ml potassium phosphate
buffer (0.1 mM, pH = 7.5). Standard curve was
prepared with 0.1-1.0 mg/ml bovine serum albumin.
Total protein contents of extracts were measured
spectrophotometrically at 540 nm wavelength and
calculated as mg/ml using the calibration curve. All
analyses were repeated three times.
2.4. Determination of carbohydrate content
The total carbohydrate content was determined by the
method proposed by Hedge and Hofreiter [16]. Seeds
were powdered with a grinder following 24 hours of
imbibition in distilled water. Glucose stock standard,
working standard, anthrone reagent and 2.5 N
hydrochloric acid was prepared for the analysis. 100
mg glucose was dissolved in 100 ml water to prepare
glucose stock standard and 10 ml stock was diluted to
100 ml to obtain working standard. Anthrone reagent
was freshly prepared through dissolving 0.2% anthrone
in ice-cold concentrated sulfuric acid. 100 mg chickpea
flour was transferred to a boiling tube and the sample
was hydrolysed by boiling the tube containing 5.0 ml
2.5 N HCl for three hours. The tube was then cooled to
room temperature and neutralized with solid sodium
carbonate until bubbling stopped. The volume of the
mixture was completed to 100 ml and the mixture was
filtered with Whatman no.1. Standard curve were
prepared using 0.2-1.0 ml working standards. 4.0 ml of
anthrone reagent was added to 1 ml sample, and the
mixture was boiled for eight minutes. Then, the
mixture was cooled immediately. The green-dark
green colour of the extracts was read on the
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spectrophotometer at a wavelength of 630 nm.
Distilled water was used as a blind. All analyses were
repeated three times.
2.5. Determination of element contents
Contents of twenty-five elements were accomplished
by Central Research Laboratory Application and
Research Center in Giresun University. Seed samples
were prepared used the microwave wet digestion
method before the analysis. Element levels of seeds
were screened with the method Inductive Coupled
Plasma Mass Spectrometry (ICP-MS; Bruker 820-MS,
Germany). All analyses were repeated three times and
the results were given as mg/100 g seed. Sodium (Na),
potassium (K), calcium (Ca), magnesium (Mg),
manganese (Mn), zinc (Zn), iron (Fe), copper (Cu),
lithium (Li), beryllium (Be), boron (B), aluminum
(Al), vanadium (V), chrome (Cr), nickel (Ni), gallium
(Ga), selenium (Se), rubidium (Rb), strontium (Sr),
molybdenum (Mo), cadmium (Cd), barium (Ba),
thallium (Tl), lead (Pb) and uranium (U) elements are
determined.
2.6. Determination of phenolic and flavonoid
contents
Seeds were imbibed in distilled water for 24 hours and
powdered mechanically. Phenolic and flavonoid
extraction were performed according to the method
suggested by Marinova et al. [17]. 0.5 g chickpea flour
were transferred to ultrasonic bath for 20 minutes in 50
ml of 80% methanol for extraction.
2 ml of extract was collected for phenolic and
flavonoid assays [17]. The total phenolic content was
evaluated using the supernatant obtained by
centrifugation at 14,000 rpm for 5 minutes according
to the Folin - Ciocalteu method. 9 ml of distilled water
and then 1 ml of Folin-Ciocalteu reagent were added to
1 ml of extract. The tube was shaken for 5 minutes. 10
ml of 7% Na2CO3 and 4 ml of distilled water were
added to the tube which was then shaken at room
temperature for 90 minutes. All steps were repeated for
gallic acid solutions (20-100 mg/l) to prepare a
standard curve. The absorbance of the samples and
standard solutions was read spectrophotometrically at
750 nm. The results for the total phenol content were

calculated and expressed as mg gallic acid equavalents
(GAE/100 g seed).
Flavonoid assay was carried out according to
aluminium chloride colorimetric method [17]. 4 ml of
distilled water and then 0.3 ml of 5% NaNO2 were
added to 1 ml of extract. The tube was shaken for 5
minutes. 0.3 ml of 10% AlCl3 and 2 ml of 1 M NaOH
were added to the mixture at intervals of 5 minutes.
Finally, 2.4 ml of distilled water was put in the mixture.
The flask containing the reaction mixture was quickly
shaken. All steps were repeated for catechin solutions
(20-100 mg/l) to prepare a standard curve. The
absorbance of the samples and standard solutions was
read spectrophotometrically at 510 nm. The results for
the total flavonoid content were calculated and
expressed as mg catechin equavalents (CE/100 g seed).
All steps for phenolic and flavonoid assays were
repeated for three times.
2.7. Determination of radical scavenging capacity
ABTS and DPPH radical scavenging potentials were
performed according to Thaipong et al. [18]. 3 g
chickpea flour was kept in ultrasonic bath for 30
minutes in 25 ml of methanol for homogenization. The
homogenates were centrifuged for 20 minutes at
15,000 rpm after waiting 12 hours at 4 °C and the
supernatant portions were collected for antioxidant
potential analysis.
Two stock solutions were prepared, one of which was
7.4 mM ABTS.+ and the other was 2.6 mM potassium
persulfate. The reaction mixture was prepared by
mixing the stock solutions in equal proportions. The
reaction solution was kept at room temperature in a
dark chamber for at least 12 hours. Then, 60 ml of
methanol was added to dilute 1 ml of ABTS.+ solution.
Dilution was continued until reaching 1.17±0.02
absorbance at 734 nm in the spectrophotometer. 150 µl
of extract was mixed with 2850 µl of ABTS.+ solution
and the mixture was left to react in the dark for 2 hours.
The absorbance of the mixture was read at 734 nm. The
results of ABTS.+ radical scavenging activity were
calculated using the standard curve prepared with 25600 µM Trolox solutions according to the equations
given below (1):

ABTS.+ radical scavenging activity (%) = [(A0-A1) / A0] x 100
A0: Absorbance of the control.
A1: Absorbance of the sample and standard [18].
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24 mg DPPH was dissolved in 100 ml methanol for
preparing the stock solutions. 1.17±0.02 absorbance at
515 nm was obtained in the spectrophotometer by
mixing 10 ml of stock solution with 45 ml of methanol.
150 µl of extract was mixed with 2850 µl of DPPH

solution and the mixture was allowed to react in a dark
chamber for 24 hours. The results of DPPH radical
scavenging activity were calculated using the standard
curve prepared with 25-800 µM Trolox solutions
according to the equations given below (2).

DPPH radical scavenging activity (%) = [(A0-A1) / A0] x 100
A0: Absorbance of the control.
A1: Absorbance of the sample and standard [18].
The results of ABTS and DPPH analyses were given
as sample quantities capable of clearing 50% of ROS
(IC50)
2.7. Statistical analysis
The results of the analysis were statistically tested with
ANOVA using SPSS software and compared using a
significance level of P≤0.05.

3.

Results and Discussion

Table 1 reflects the physical features of desi and kabuli
seeds. Kabuli seeds were heavier than desi types. The
seed weights of KS, KA, KG, DG, D39 and D12 were
0.585±0.007 g, 0.436±0.004 g, 0.436±0.007 g,
0.228±0.003 g, 0.145±0.001g and 0.156±0.001 g,
respectively. While the heaviest genotype was KS, the
lightest genotype was D39. Kabuli genotypes were
superior to desi genotypes in terms of seed volumes
similar to seed weights. The seed volume of KS
(0.46±0.001 ml) was significantly more than other
genotypes. DG (0.20±0.007 ml) had the most seed
volume among desi seeds. Genotypes with the lowest
seed volume were D39 and D12. Kabuli and desi types
could not been distinguished precisely considering the
seed density results. The highest seed density was
determined in D12 (1.300±0.010 g/ml), while DG
(1.179±0.026 g/ml) had the lowest seed density.
Hydration capacities of kabuli seeds were notably

(2)

higher than desi types. KS was determined to be
superior to other genotypes in terms of hydration
capacity (0.596±0.005 g), similar to seed weight and
seed volume. Our results were in accordance with Kaur
and Singh [19] who stated that the seed weight and
volume of kabuli types were more than desi types.
Hydration capacity of D39 (0.136±0.001 g) was
significantly lower than those of other genotypes. In
addition, the sorting of the genotypes according to their
seed weight and hydration capacities are similar. Our
data on maximum and minimum levels in hydration
capacity of the seeds were lower than those noted by
Özer et al. [9]. Seed size is known to be a major factor
for water absorption capability of legumes [20]. Kaur
and Singh [19] reported a strong positive correlation
with the hydration capacity and the seed mass, similar
to our results. A higher hydration capacity may be due
more permeable seed coats. The results of hydration
index of the genotypes were very close to each other.
However, the hydration index of kabuli genotypes was
higher than those of desi genotypes. The least
hydration index was detected in D39 (0.941±0.006).
Lower hydration capacity and hydration index were
previously pointed out as reflectors of an impermeable
and hard coat [21].

Table 1. Physical characteristics of kabuli and desi seeds.
GENOTYPE
KS
KA
KG
DG
D39
D12

Seed weight
(g)
0.585 ± 0.007
0.436 ± 0.004
0.436 ± 0.007
0.228 ± 0.003
0.145 ± 0.001
0.156 ± 0.001

Seed volume
(ml)
0.46 ± 0.001
0.36 ± 0.007
0.34 ± 0.007
0.20 ± 0.007
0.12 ± 0.001
0.12 ± 0.001

Seed density
(g/ml)
1.271 ± 0.014
1.232 ± 0.013
1.258 ± 0.031
1.179 ± 0.026
1.205 ± 0.003
1.300 ± 0.010
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Hydration capacity
(g)
0.596 ± 0.005
0.466 ± 0.005
0.464 ± 0.012
0.226 ± 0.003
0.136 ± 0.001
0.153 ± 0.001

Hydration
index
1.019 ± 0.003
1.069 ± 0.003
1.066 ± 0.043
0.993 ± 0.010
0.941 ± 0.006
0.981 ± 0.001
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Protein content in cereals such as wheat is only 10% of
dry weight, while protein rate in legumes can be reach
to 20-40% [22]. The total protein content of genotypes
ranged from 15.51 mg/ml to 29.73 mg/ml (Figure 2).
KS was the richest genotype with respect to the total
protein content. KA (22.11 mg/ml) had the lowest
protein level among kabuli genotypes.
Summo et al. [23] reported that brown (desi) chickpeas
were distinguished by a lower amount of proteins when
compared to kabuli chickpeas. However, there was no
significant difference between the total protein
amounts of KG, a kabuli genotype, and DG, a desi
genotype in our study. The least protein content was
found in D39, a desi type. Jadhav et al. [24] stated that
the total protein content of chickpea seeds varied from
17% to 24% of the seed dry seed weight of desi and
kabuli. Protein content of our seeds with an exception
of D39 was similar to those of Jadhav et al. [24]. In
another study with different desi and kabuli seeds,
similar to the results of this study, D39 was shown to
have the lowest protein content [25]. Sarika et al. [26]
stated that there was an inverse relationship between
seed weight and protein content. However, our results
clearly showed that KS, the heaviest seed, also had the
highest protein content.

Figure 2. Total protein content of kabuli and desi chickpea
seeds.

Legume seeds are characterized by high protein and
carbohydrate content (15-68%) and are defined as
foods with a low glycemic index. Indeed,
carbohydrates stored at cotyledons are the most
abundant components of chickpea seeds [27]. The total
carbohydrate contents of desi and kabuli genotypes
were given at Figure 3. Although all genotypes were
found to be rich in carbohydrates, D39 (33.33±0.75)
had the most abundant carbohydrate content. The least
carbohydrate amount was determined in KA
(27.63±1.25). Different results are shown in the
literature regarding the carbohydrate content of desi
and kabuli chickpea seeds. Swamy et al. [28] reported
that higher levels of total carbohydrate were
determined in kabuli seeds. Another study indicated

that the carbohydrate storage capacity in desi seeds was
quite large [29]. Wang et al. [30] stated that starch
amount in chickpea seeds elevated with increasing
seed weight. However, the current study showed that
genotypes with low seed weight also had considerable
total carbohydrate storage.

Figure 3. Total carbohydrate content of kabuli and desi,
chickpea seeds.

More than 3 billion people in the world experience
various health problems due to mineral deficiency
associated with malnutrition [31]. Mineral deficiencies
are tried to be overcome with mineral-rich natural
functional foods or mineral-enriched supplements
[32]. With its rich mineral content, chickpea promises
potential as an important functional food. A total of 25
different elements were determined in desi and kabuli
type seeds (Table 2). In terms of nutritional value, the
results of the elements that are known to be prominent
compared to other elements were discussed. It was
determined that desi genotypes had a distinct
advantage over kabuli genotypes in terms of Na
element. Na amounts in DG, D39 and D12 genotypes
were
12.1729±0.0175
mg/100
g
seed,
14.86583±0.0250 mg/100 g seed and 11.2149±0.0184
mg/100 g seed, while the amount of Na in KA, KG and
KS varieties were listed as 6.5746±0.0097 mg/100 g
seed, 4.7475±0.0078 mg/100 g seed and
4.1731±0.0081 mg/100 g seed. On the contrary to our
results, Ghribi et al. [33] reported that Tunisian kabuli
varieties contained significantly higher Na amount
than Tunisian desi genotypes. The genotype with the
highest K element was KA (1240.3860±1.6085
mg/100 g seed) and the lowest was the D39
(1004.9330±1.6793 mg/100 g seed). Similar to our
results, Zia-Ul-Haq [14] showed that desi genotypes
from Pakistan had K amounts ranged from 1109±4.49
mg/100 g seed to 1272 ± 7.82 1109 mg/100 g seed. It
was determined that Ca and Mg elements were found
more in desi genotypes than kabuli genotypes. Limit
values in cultivated chickpea seeds were determined as
68-269 mg/100 g for Ca, 230-1272 mg/100 g for K,
0.31-11.6 mg/100 g for Cu [34]. Therefore, all the
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genotypes used in the study drew a profile very close
to the upper limit given for Ca. Furthermore, our
genotypes were much richer than the limits given in
terms of K level. Our data on Mg amounts in desi and
kabuli seeds were higher than those (56.44-132.27
mg/100 g seed) mentioned before by Kaur et al. [35].
Varshney et al. [7], confirming our results, pointed out
that chickpea was quite rich in magnesium and
calcium. The amount of Mn was higher in kabuli
genotypes than those in desi genotypes. The richest
genotype according to Mn was KG (4.0584±0.0058
mg/100 g seed) and the poorest genotype was D12
(1.2682±0.0020). The Zn content was 4.3794±0.0047
mg/100 g seed in KS, followed by KA (3.3228±0.0033
mg/100 g seed) and D39 (3.1565±0.0045 mg/100 g
seed) genotypes. Limit given for Mn and Zn in
cultivated chickpea seeds were 1.78-5.16 mg/100g and
2.2-20 mg/100 g, respectively [34]. Mn amount of all
genotypes except DG and D12 were between given
limits. In all of our genotypes, Zn amounts were within
the range of reported limits. In terms of Fe and Cu
element content, seeds of desi genotypes were richer
than seeds of kabuli genotypes. While the genotype
with the highest Fe content was D39 (19.99 ± 0.0189
mg/100 g seed), the lowest genotype was KA (11.1698
± 0.0089 mg/100 g seed). Kaur et al. [35] stated that
kabuli and desi genotypes had 4.59-9.87and 4.56-9.83
mg/100 g seed Fe content, respectively. Fe content of
all the genotypes examined in our study was far above
the values reported in the study mentioned. Kayan and

Adak [36], verifying our results on all genotypes,
stated that chickpea seeds were rich in zinc, calcium,
magnesium, potassium and iron. The richest genotype
in terms of Cu was D39 (1.7267±0.0022 mg/100 g
seed), while the poorest genotype was KA
(0.9691±0.0022 mg/100 g seed). Our results were in
accordance with the study of Jambunathan and Singh
[37] who reported that Cu levels of kabuli and desi
seeds were 0.8-1.4 and 1.0-2.1 mg/100 g seed,
respectively. According to Ray et al. [38], the most
frequent mineral deficiency affecting the human health
globally was iron, zinc, potassium, calcium, nickel and
selenium. However, magnesium, manganese, nickel
and selenium deficiencies are also at a considerable
level. In the current study, considering Ni element
content, genotypes were listed as D39 (0.2330 ±
0.0010 mg/100 g seed), D12 (0.1922 ± 0.0009 mg/100
g seed), DG (0.1771 ± 0.0011 mg/100 g seed), KG
(0.7302 ± 0.0011 mg/100 g seed), KS (0.5890 ± 0.0013
mg/100 g seed) and KA (0.4866 ± 0.0008 mg/100 g
seed). There was no significant difference between the
Se element content of DG and D12 seeds. The
genotype with the highest Se content was KA (0.8196
± 0.0007 mg/100 g seed) and the lowest one was KS
(0.6692 ± 0.0002 mg/100 g seed). The differences
between the mineral elements of the genotypes may
vary depending on the soil, agricultural practices and
climate characteristics of the geography where the
seeds are grown as well as the genetic features of the
varieties.

Table 2. Element content of kabuli and desi seeds.
Element
(mg/100 g seed)

Na
K
Ca
Mg
Mn
Zn
Fe
Cu
Li
Be
B
Al
V
Cr
Ni
Ga
Se
Rb
Sr
Mo
Cd
Ba
Tl
Pb
U

Kabuli
KA

KS

Desi
DG

KG

D39

D12

120.0545 ± 0.1592
140.7630 ± 0.1940
3.3466 ± 0.0038
3.3228 ± 0.0033
11.1698 ± 0.0089
0.9691 ± 0.0022
0.0484 ± 0.0001
0.2932 ± 0.0001

150.6436 ± 0.2584
148.1162 ± 0.2243
4.0584 ± 0.0058
2.3306 ± 0.0023
11.8393 ± 0.0114
1.0323 ± 0.0013
0.0440 ± 0.0001
0.2704 ± 0.0001

166.8246 ± 0.3087
145.8187 ± 0.2632
2.6569 ± 0.0046
4.3794 ± 0.0047
12.3117 ± 0.0106
1.0449 ± 0.0032
0.0433 ± 0.0001
0.2513 ± 0.0001

254.7075 ± 0.3716
168.2284 ± 0.2198
1.6188 ± 0.0025
2.4481 ± 0.0034
16.1482 ± 0.0130
1.4498 ± 0.0017
0.0497 ± 0.0001
0.2253 ± 0.0001

208.7302 ± 0.3459
157.5226 ± 0.2656
1.8393 ± 0.0031
2.8887 ± 0.0040
19.99 ± 0.0189
1.7267 ± 0.0022
0.0567 ± 0.0002
0.2542 ± 0.0002

236.1362 ± 0.3833
151.7868 ± 0.2448
1.2682 ± 0.0020
3.1565 ± 0.0045
16.4342 ± 0.0115
1.2941 ± 0.0019
0.0468 ± 0.0001
0.2361 ± 0.0001

1.4315 ± 0.0026
0.8423 ± 0.0014
1.1203 ± 0.0016
0.1360 ± 0.0004
0.4866 ± 0.0008
0.0048 ± 0.0001
0.8196 ± 0.0007
0.5622 ± 0.0003

1.1423 ± 0.0018
3.9631 ± 0.0061
0.8199 ± 0.0014
0.0718 ± 0.0002
0.7302 ± 0.0011
0.0054 ± 0.0001
0.7372 ± 0.0007
0.8539 ± 0.0005

1.3124 ± 0.0031
0.8214 ± 0.0020
1.0216 ± 0.0015
0.1184 ± 0.0003
0.5890 ± 0.0013
0.0044 ± 0.0001
0.6692 ± 0.0002
0.3929 ± 0.0003

1.2255 ± 0.0017
1.5530 ± 0.0025
0.7714 ± 0.0013
0.1031 ± 0.0003
0.1771 ± 0.0011
0.0042 ± 0.0001
0.7044 ± 0.0008
0.6514 ± 0.0008

1.4512 ± 0.0025
2.4421 ± 0.0039
0.8607 ± 0.0015
0.1193 ± 0.0003
0.2330 ± 0.0010
0.0048 ± 0.0001
0.7497 ± 0.0009
0.5834 ± 0.0004

1.3598 ± 0.0027
1.5804 ± 0.0029
1.0850 ± 0.0010
0.1563 ± 0.0002
0.1922 ± 0.0009
0.0041 ± 0.0001
0.7041 ± 0.0008
0.4716 ± 0.0002

0.3833 ± 0.0003
0.1843 ± 0.0007
0.0358 ± 0.0001
0.1098 ± 0.0001
0.0264 ± 0.0001
0.1423 ± 0.0001
0.0329 ± 0.0001

0.5270 ± 0.0003
0.2127 ± 0.0005
0.0432 ± 0.0001
0.1446 ± 0.0002
0.0245 ± 0.0001
0.1485 ± 0.0001
0.0309 ± 0.0001

0.5057 ± 0.0004
0.3706 ± 0.0008
0.0257 ± 0.0001
0.1175 ± 0.0003
0.0226 ± 0.0001
0.1078 ± 0.0001
0.0284 ± 0.0001

1.0208 ± 0.0006
0.3580 ± 0.0006
0.0207 ± 0.0001
0.2320 ± 0.0004
0.0202 ± 0.0001
0.0848 ± 0.0001
0.0253 ± 0.0001

0.7438 ± 0.0005
0.2710 ± 0.0005
0.0227 ± 0.0001
0.1738 ± 0.0004
0.0220 ± 0.0001
0.0861 ± 0.0001
0.0273 ± 0.0001

0.7514 ± 0.0005
0.2617 ± 0.0005
0.0376 ± 0.0001
0.1987 ± 0.0003
0.0208 ± 0.0001
0.1500 ± 0.0001
0.0267 ± 0.0001

6.5746± 0.0097
1240.3860 ± 1.6085

4.7475 ± 0.0078
1144.2160 ± 1.7236

4.1731 ± 0.0081
1087.8280 ± 1.9375
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12.1729 ± 0.0175
1091.2500 ± 1.5466

14.86583 ± 0.0250
1004.9330 ± 1.6793

11.2149 ± 0.0184
1062.6810 ± 1.6824
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The intake of phenolic compounds, which are natural
miracles in plants, with supplements or natural
nutrition, is important for the homeostasis of living
organisms [39]. Phenolic substances are known to be
the most abundant antioxidant components in legumes
[40]. Owing to the high phenolic, saponin and phytate
content of chickpea seeds, it was stated that the use of
these seeds in the diet was protective in the prevention
of chronic and degenerative diseases [27]. The total
phenolic content of genotypes was presented in mg
GAE/100 g seed unit (Figure 4). The richest genotypes
in terms of total phenolic content were KG
(218.08±6.52 mg GAE/100 g seed) and KS
(215.82±4.07 mg GAE/100 g seed) and no statistical
difference was determined between these genotypes.
Among the genotypes with the highest total phenolic
content, DG (201.69±4.89 mg GAE/100 g seed)
genotype was also in the foreground. Segev et al. [13]
indicated that chickpea seeds with coloured coat
contained more total phenolic and total flavonoid
content than kabuli seeds. However, our results were
consistent with the results of the study conducted by
Summo et al. [23], who stated that there was no
correlation between the phenolic content and coat
colour of chickpea seeds.

Figure 4. Total phenolic content of kabuli and desi chickpea
seeds.

Biskup et al. [39] reported that antibacterial,
antioxidant and anti-inflammatory capacities get
strong as the total phenolic and flavonoid content
increases in plants. The total flavonoid content of
genotypes was calculated as mg CE/100 g seed unit as
given in Figure 5. The richest genotypes in terms of
total flavonoid content were listed as KS (342.86±9.90
mg CE/100 g seed) and KG (300.95±11.90 mg CE/100
g seed). Seeds with the lowest total flavonoid content
belong to D39 (188.57±14.29 mg CE/100 g seeds), just
like phenolic levels. Quintero-Soto et al. [41] stated
that kabuli type seeds were rich in phenolic contents
and desi type seeds were rich in flavonoid compounds.
On the other hand, Boye et al. [42] reported that phenol
content in desi type seeds is higher than that of kabuli
type seeds. However, in this study, it was determined

that there was a parallel relationship between phenolic
and flavonoid contents of desi and kabuli genotypes.
Similarly, Kalefetoğlu Macar et al. [25] showed a very
close harmony in phenolic and flavonoid contents of
desi and kabuli seeds.

Figure 5. Total flavonoid content of kabuli and desi
chickpea seeds.

DPPH assay is a frequently used method for rapidly
determining the capacity of antioxidants to carry
unstable hydrogen atom to radicals [14]. While DPPH
is generally used to calculate free radical scavenging
activities for natural products, this method is replaced
by different antioxidant capacity determination
methods in case of problems such as solubility. ABTS
assay is at the top of these methods. The data in the
figure shows the average values that cause inhibition
of 50% of the radicals (Figure 6). DPPH and ABTS
radical scavenging activity values of each genotype
examined showed great parallelism with each other.
The most powerful genotypes in terms of these
parameters were D39 (desi) and KA (kabuli). There
was no statistical difference between KS and DG
genotypes, which were the weakest genotypes in terms
of radical scavenging activities. It has been stated that
the high antioxidant contents in chickpea seeds are
effective in preventing diseases caused by free radicals
[43]. The parallel relationship between the results of
ABTS and DPPH assays detected in our study was
found to be compatible with the literature [44]. Zia-UlHaq et al. [14] reported that the high antioxidant
capacity in chickpea seeds was associated with the
polyphenolic compounds contained in these seeds and
these compounds were usually stored under the seed
coat. Studies showing the antiradical activities of
phenolic compounds contained in legumes against
DPPH. and ABTS.+ radicals are found in the literature
[45, 46]. During the first hydration phase of seed
germination, various components of the ROSmediated signal pathways are activated and
accumulate. It has been stated that the final stress
resistance degree of seedlings can be attributed to the
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permanence of these antioxidant mechanisms activated
in seeds [47].

original work with a guiding feature for more detailed
seed screening studies. Data have shown that both desi
and kabuli types are ideal candidates for functional
foods with their low cost and high nutritional value.
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Conclusion

With the increasing awareness of consumers about
health, the demand for delicious and easily accessible
food products with high nutrient content also increases
[48]. Another reason why these products are
indispensable as functional food is that they have low
prices. Chickpea genotypes used in the study were
found to be very rich especially in terms of protein
content except D39. In contrast to its protein content,
the D39 genotype was identified as the carbohydrate
richest genotype, despite its small seeds. The
superiority of desi genotypes in terms of total
antioxidants was expected due to coloured seed coats.
In line with the expectation, D39, which is a desi seed,
had superiority over other genotypes according to
ABTS and DPPH antioxidant tests. However, contrary
to the expectations, it could be suggested that KA
which is among kabuli genotypes had significant
antioxidant capacity considering ABTS and DPPH
radical scavenging activities. In terms of phenolic and
flavonoid contents, KS and KG was determined to be
superior to other genotypes. The results of the total
phenolic and total flavonoid analyses used in the study
were shown to be in perfect harmony with each other.
Due to its rich calcium content, chickpea seeds should
be consumed intensively, especially by children and
pregnant women. It was determined that desi
genotypes, which are not widely consumed in our
country, were superior to the kabuli genotypes
according to Ca, Na, Mg, Fe and Cu levels. On the
other hand, Mn and Ni contents were significantly
higher in kabuli seeds. Mineral element contents in
seeds are frequently affected especially by climatic
conditions. However, chickpea seeds screened in the
present study have been shown to be sufficient to meet
people's mineral needs. The current research is an
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chickpea (Cicer arietinum L.)
Euphytica, 175(2) (2010) 237-249.

References
[1] Jendoubi W., Bouhadida M., Boukteb A. Béji M.
and Kharrat M., Fusarium wilt affecting chickpea
crop, Agriculture, 7(3) (2017) 23.
[2] Singh R., Sharma P., Varshney R.K., Sharma S.K.
and Singh N.K., Chickpea improvement: role of
wild species and genetic markers, Biotechnol.
Genet. Eng. Rev., 25 (2008) 267-314.
[3] Ahmad P., Abdel Latef A.A., Hashem A., AbdAllah E.F., Gucel S. and Tran L.S.P., Nitric oxide
mitigates salt stress by regulating levels of
osmolytes and antioxidant enzymes in chickpea,
Front. Plant Sci., 7 (2016) 347.
[4] Rybinski W., Banda M., Bocianowski J.,
Starzycka-Korbas E., Starzycki M. and Nowosad
K., Estimation of the physicochemical variation
of chickpea seeds (Cicer arietinum L.), Int.
Agrophys., 33(1) (2019) 67-80.
[5] Food and Agriculture Organization, Statistical
Databases.
Available
at:
http://faostat.fao.org/site/567/default.aspx#ancor.
Retrieved July 8, 2019.
[6] Rasool S., Abdel Latef A.A., Ahmad P.,
Chickpea: Role and Responses under Abiotic and
Biotic Stress. In: Azooz M.M., Ahmad P., (Eds).
Legumes under environmental stress: yield,
improvement and adaptations, West Sussex: 1st
ed. Wiley Blackwell, 2015; 67-79.
[7] Varshney R.K., Thudi M., Roorkiwal M., He W.,
Upadhyaya H.D., Yang W., Bajaj P., Cubry P.,
Rathore A., Jian J., Doddamani D., Khan A.W.,
Garg V., Chitikineni A., Xu D., Gaur P.M., Singh
N.P., Chaturvedi S.K., Nadigatla G.V.P.R.,
Krishnamurthy L., Dixit G.R., Fikre A., Kimurto
P.K., Sreeman S.M., Bharadwaj C., Tripathi S.,
Wang J., Lee S.H., Edwards D., Polavarapu
K.K.B., Penmetsa R.V., Crossa J., Nguyen H.T.,
Siddique K.H.M., Colmer T.D., Suttun T., von
Wettberg E., Vigouroux Y., Xu X. and Liu X.,
Resequencing of 429 chickpea accessions from 45
countries provides insights into genome diversity,
domestication and agronomic traits, Nat. Genet.,
51(5) (2019) 857-864.
[8] Roy F., Boye J.I. and Simpson B.K., Bioactive
proteins and peptides in pulse crops: Pea,
chickpea and lentil, Food Res. Int., 43 (2010) 432442.
[9] Özer S., Karaköy T., Toklu F., Baloch F.S., Kilian
B.
and
Özkan
H.,
Nutritional
and
physicochemical variation in Turkish kabuli

landraces,

[10] Kaur R., Grewal S.K., Singh S., Kaur J. and
Bhardwaj R.D., Desi and kabuli chickpea
cultivars had differential behaviour towards
salinity stress tolerance, Biol. Futura, (2020) 110.
[11] Tripathi S., Sridhar V., Jukanti A.K., Suresh K.,
Rao B.V., Gowda C.L.L. and Gaur P.M., Genetic
variability and interrelationships of phenological,
physicochemical and cooking quality traits in
chickpea, Plant Genet. Res., 10(3) (2012) 194201.
[12] Ullah A., Al‐Sadi A.M., Al‐Subhi A.M. and
Farooq M., Characterization of chickpea
genotypes of Pakistani origin for genetic diversity
and zinc grain biofortification, J. Sci. Food Agric.,
(2020).
[13] Segev A., Badani H., Kapulnik Y., Shomer I.,
Oren‐Shamir M. and Galili S., Determination of
polyphenols, flavonoids, and antioxidant capacity
in colored chickpea (Cicer arietinum L.), J. Food
Sci., 75(2) (2010) 115-119.
[14] Zia-Ul-Haq M., Iqbal S., Ahmad S., Imran M.,
Niaz A. and Bhanger M.I., Nutritional and
compositional study of desi chickpea (Cicer
arietinum L.) cultivars grown in Punjab, Pakistan,
Food Chem., 105(4) (2007) 1357-1363.
[15] Doumas B.T., Waston W.A. and Biggs A.G.,
Biuret method for quantitative estimation of total
protein in serum or plasma, Clin. Chim. Acta, 31
(1971) 87-91.
[16] Hedge J.E., Hofreiter B.T., Carbohydrate
chemistry, 17. In: Whistler R.L., Be Miller, J.N.,
(Eds), New York: Academic Press, 1962; 504.
[17] Marinova D., Ribarova F. and Atanassova M.,
Total phenolics and total flavonoids in Bulgarian
fruits and vegetables, J. Chem. Technol. Metall.,
40(3) (2005) 255-260.
[18] Thaipong K., Boonprakob U., Crosby K.,
Cisneros-Zevallos L. and Byrne D.H.,
Comparison of ABTS, DPPH, FRAP, and ORAC
assays for estimating antioxidant activity from
guava fruit extracts, J. Food Compost. Anal.,
19(6) (2006) 669-675.
[19] Kaur M. and Singh N., Relationships between
selected properties of seeds, flours, and starches
from different chickpea cultivars, Int. J. Food
Prop., 9(4) (2006) 597-608.

772

Kalefetoğlu Macar, Macar / Cumhuriyet Sci. J., 41(4) (2020) 764-774

[20] Sefa-Dedeh S. and Stanley D.W., Textural
implications of the microstructure of legumes,
Food Technol., 33 (1979) 77-83.
[21] Hossain M.A. and Becker K., Nutritive value and
antinutritional factors in different varieties of
Sesbania seeds and their morphological fractions,
Food Chem., 73(4) (2001) 421-431.
[22] Verma S. and Bhatia S., Analysis of genes
encoding seed storage proteins (SSPs) in chickpea
(Cicer arietinum L.) reveals co-expressing
transcription factors and a seed-specific promoter,
Funct. Integr. Genomic., 19(3) (2019) 373-390.

[30] Wang R., Gangola M.P., Jaiswal S., Gaur P.M.,
Båga M. and Chibbar R.N., Genotype,
environment and their interaction influence seed
quality traits in chickpea (Cicer arietinum L.), J.
Food Compost. Anal., 63 (2017) 21-27.
[31] Bailey R.L., West Jr K.P. and Black R.E., The
epidemiology
of
global
micronutrient
deficiencies, Ann. Nutr. Metab., 66(2) (2015) 2233.
[32] Miller D.D. and Welch R.M., Food system
strategies
for
preventing
micronutrient
malnutrition, Food Policy, 42 (2013) 115-128.

[23] Summo C., De Angelis D., Ricciardi L., Caponio
F., Lotti C., Pavan S. and Pasqualone A.,
Nutritional, physico-chemical and functional
characterization of a global chickpea collection, J.
Food Compost. Anal., 84 (2019) 103306.

[33] Ghribi A., Maklouf I., Blecker C., Attia H. and
Besbes S., Nutritional and com‐positional study
of desi and kabuli chickpea (Cicer arietinum L.)
flours from Tunisian cultivars, AFTNSOJ, 1(2)
(2015) 38-47.

[24] Jadhav A., Rayate S., Mhase L., Thudi M.,
Chitikineni A., Harer P., Jadhav A., Varshney R.
and Kulwal P., Marker-trait association study for
protein content in chickpea (Cicer arietinum), J.
Genet., 94 (2015) 279-286.

[34] Wood J.A., Grusak M.A., Nutritional Value of
Chickpea. In: Yadav S.S., Redden R.J., Chen W.,
Sharma B., (Eds). Chickpea breeding and
management.,Trowbridge: Cromwell Press, 2007;
101-142.

[25] Macar T.K., Macar O. and Mart D.İ., Variability
in
some
biochemical
and
nutritional
characteristics in desi and Turkish kabuli
chickpea (Cicer arietinum L.) types, CBUJOS,
13(3) (2017) 677-680.

[35] Kaur K., Grewal S.K., Gill P.S. and Singh S.,
Comparison of cultivated and wild chickpea
genotypes for nutritional quality and antioxidant
potential, J. Food Sci. Technol., 56(4) (2019)
1864-1876.

[26] Sarika K., Bharadwaj C., Kumar T., Sachdeva S.,
Tara C., Satyavathi P.K., Jain P.K., Patil B.S.,
Sarker A. and Prasad S.S., Correlation of seed
quality traits with 100 seed weight in chickpea
(Cicer arietinum L.) genotypes, IJCS, 7(3) (2019)
4006-4011.

[36] Kayan N. and Adak M.S., Associations of some
characters with grain yield in chickpea (Cicer
arietinum L.), Pak. J. Bot., 44(1) (2012) 267-272.

[27] Faridy J.C.M., Stephanie C.G.M., Gabriela
M.M.O. and Cristian, JM., Biological activities of
chickpea in human health (Cicer arietinum L.). A
review, Plant Foods Hum. Nutr., (2020) 1-12.
[28] Swamy S.G., Raja D.S. and Wesley B.J.,
Susceptibility of stored chickpeas to bruchid
infestation as influenced by physico-chemical
traits of the grains, J. Stored Prod. Res., 87 (2020)
101583.
[29] Wang R., Gangola M.P., Irvine C., Gaur P.M.,
Båga M. and Chibbar R.N., Co-localization of
genomic regions associated with seed
morphology and composition in a desi chickpea
(Cicer arietinum L.) population varying in seed
protein concentration, Theor. Appl. Genet., 132(4)
(2019) 1263-1281.

[37] Jambunathan R. and Singh, U., Studies on desi
and kabuli chickpea (Cicer arietinum L.)
cultivars. 3. Mineral and trace elements
composition, J. Agric. Food Chem., 29(5) (1981)
1091-1093.
[38] Ray H., Bett K., Tar'an B., Vandenberg A.,
Thavarajah D. and Warkentin, T., Mineral
micronutrient content of cultivars of field pea,
chickpea, common bean, and lentil grown in
Saskatchewan, Canada, Crop Sci., 54(4) (2014)
1698-1708.
[39] Biskup I., Golonka I., Gamian A. and Sroka Z.,
Antioxidant activity of selected phenols estimated
by ABTS and FRAP methods, Postepy Hig. Med.
Dosw., (2013) 67.
[40] Singh B., Singh J.P., Kaur A. and Singh N.,
Phenolic composition and antioxidant potential of
grain legume seeds: A review, Food Res. Int., 101
(2017) 1-16.

773

Kalefetoğlu Macar, Macar / Cumhuriyet Sci. J., 41(4) (2020) 764-774

[41] Quintero-Soto M.F., Saracho-Peña A.G., ChavezOntiveros J., Garzon-Tiznado J.A., PinedaHidalgo K.V., Delgado-Vargas F. and LopezValenzuela J.A., Phenolic profiles and their
contribution to the antioxidant activity of selected
chickpea genotypes from Mexico and ICRISAT
collections, Plant Foods Hum. Nutr., 73(2) (2018)
122-129.
[42] Boye J.I., Aksay S., Roufik S., Ribéreau S.,
Mondor M., Farnworth E. and Rajamohamed
S.H., Comparison of the functional properties of
pea, chickpea and lentil protein concentrates
processed using ultrafiltration and isoelectric
precipitation techniques, Food Res. Int., 43(2)
(2010) 537-546.
[43] Oberoi H.K., Gupta A.K. and Kaur S.,
Physicochemical attributes, phenolics and proline
content in ninety desi and kabuli chickpea
genotypes from different geographical locations,
Ind. J. Agric. Biochem., 32(1) (2019) 37-48.
[44] Ettoumi L.Y. and Chibane M., Some
physicochemical and functional properties of pea,
chickpea and lentil whole flours, Int. Food Res. J.,
22(3) (2015) 987.
[45] Xu B.J., Yuan S.H. and Chang S.K.C.,
Comparative analyses of phenolic composition,
antioxidant capacity, and color of cool season
legumes and other selected food legumes, J. Food
Sci., 72(2) (2007) 167-177.
[46] Amarowicz R., Troszyńska A. and Pegg R.B.,
Antioxidative and radical scavenging effects of
phenolics from Vicia sativum, . Fitoterapia, 79(2)
(2008) 121-122.
[47] Islam M.Z., Park B.J., Kang H.M. and Lee Y.T.,
Influence of selenium biofortification on the
bioactive compounds and antioxidant activity of
wheat microgreen extract, Food Chem., 309
(2020) 125763.
[48] Bassett C., Boye J., Tyler R. and Oomah B.D.,
Molecular,
functional
and
processing
characteristics of whole pulses and pulse fractions
and their emerging food and nutraceutical
applications, Food Res. Int., 43(2) (2010) 397398.

774

Cumhuriyet Science Journal

e-ISSN: 2587-246X
ISSN: 2587-2680

Cumhuriyet Sci. J., 41(4) (2020) 775-783
http://dx.doi.org/10.17776/csj.768907

Memantine inhibits cell proliferation and activates LKB1-AMPK
pathway in breast carcinoma
Elif Burcu BALİ 1, *
1

Gazi University, Vocational School of Health Services, Department of Medical Services and Techniques, Programme of Medical
Laboratory Techniques, Ankara/ TURKEY

Abstract
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Drug repositioning that is a screening of presently approved drugs for already unknown
indications is therapeutically necessary and influential for drug discovery. In this study, it was
aimed to research whether memantine as a repositioned drug can activate the LKB1-AMPK
pathway in breast carcinoma cells by triggering tumor suppressor genes LKB1, AMPK, its
downstream targets 40S ribosomal S6 kinases (S6K1 and S6K2), and eukaryotic initiation factor
4E-binding protein 4E-BP1. It was also evaluated its apoptotic effect by detecting the gene
expressions of Caspase 7 and NOXA. Thus, MCF-7 cells were treated with 250 µM memantine
for 48 h, and its cytotoxic effect was determined by 3-(4,5-dimethylthiazol-2-yl)-2,5diphenyltetrazolium bromide (MTT) method. AMPKα1, AMPKα2, S6K1, S6K2, 4E-BP1,
Caspase 7 and NOXA gene expression levels were measured by quantitative real-time
polymerase chain reaction. The results clearly revealed that memantine inhibited MCF-7 cell
proliferation and activated the LKB1-AMPK pathway by reducing S6K1, S6K2, and 4EBP1
gene expressions. Memantine also augmented the gene expressions of Caspase 7 and NOXA.
The findings reveal a molecular mechanism for the first time that may contribute to the anticancer effect of memantine to prevent or treat breast cancer. But further research should be
performed to better understand its anti-cancer action.
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1.

Introduction

Drug development is a time consuming, costly, and
complicated process with an approximate success ratio
of just 2%. To decrease drug development failure ratio,
cost and time, drug repositioning purposes to discover
novel evidence for present drugs [1]. Memantine, a
repositioned drug, is the US Food and Drug
Administration (FDA)-approved drug that blocks Nmethyl-D-aspartate (NMDA) type glutamate receptors
in neurons and clinically efficient on Alzheimer’s
dementia and Parkinson’s disease [2,3]. It has also
possessed specific pharmacological characteristics
such as plasma half-life, rapid and easy absorption,
quickly passing a blood-brain barrier, well tolerability,
moderate affinity, and strongly voltage-dependency
[4,5]. Recent researches about drug repurposing
applications have revealed that memantine could be a
promising drug to treat neonatal sepsis, bacterial
meningitis, and Chagas disease caused by
Trypanosoma cruzi [6,7]. It has been also reported that
memantine stimulates apoptosis, autophagy, and cell
death caused by chemotherapeutic cytarabine and

Keywords:
Memantine,
breast carcinoma,
LKB1-AMPK
pathway,
Caspase 7,
real-time polymerase
chain reaction.

demonstrates anti-proliferative effects on different
cancer cell types [3, 8-11].
Functional NMDARs are significant agents to sustain
cell growth and viability and expressed on the surface
of various cancer cell lines like breast carcinoma. The
use of memantine as an NMDA receptor antagonist can
be considered as a therapeutic strategy to improve new
and efficient treatment for breast cancer [8,12]. Breast
cancer is commonly diagnosed with malignancy and
brings about cancer-related mortality among women
worldwide. Its treatment options are multidisciplinary
including hormonal therapy, radiotherapy, surgical
resection, chemotherapy, which could be challenging
or even toxic for patients to exterminate breast cancer
[13]. Molecular target treatment has recently been an
appealing therapy strategy for breast cancer. In this
treatment option, particular molecular pathways that
vary in breast carcinoma can be used by molecularly
targeted therapy agents and necessary for tumor
progress and survival. Purposing of molecular
pathways of adenosine monophosphate-activated
protein kinase (AMPK) might be crucial to treat
effectively breast cancer [14].
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AMPK is a key sensor of intracellular energy status,
cell survival, and apoptosis. Its function is partially
mediated tumor suppressor proteins which are related
to AMPK signaling pathways like Liver kinase B1
(LKB1). LKB1 serves as a main upstream kinase by
directly activating AMPK and AMPK-related kinases,
which are contained in numerous events like cell
polarity, energy metabolism, proliferation, and
apoptosis. AMPK is also the best-described substrate
of LKB1 and many functions of AMPK clarify the
works of LKB1 in tumor suppression. Additionally, the
LKB1-AMPK molecular pathway modifies metabolic
pathways among anabolism and catabolism in reply to
diverse energy insults and regulates cell growth and
autophagy to sustain energy and nutrient homeostasis
in cells [15,16].
The downstream pathways of LKB1-AMPK can be
activated by pharmacological agents and these agents
can directly bind to trigger the LKB1-AMPK activity,
and thus obstruct the progression of tumor growth in
preclinical and early clinical models [17]. In this study
for the first time, it was aimed to investigate whether
NMDA receptor antagonist memantine can activate the
LKB1-AMPK pathway by triggering tumor suppressor
genes LKB1, AMPK cata-lytic subunits, (AMPKα1 and
AMPKα2), and its downstream targets 40S ribosomal
S6 kinases (RPS6KB1 and RPS6KB2) and eukaryotic
initiation factor 4E-binding protein (4EBP1).
Additionally, it was evaluated the apoptotic activity of
memantine by detecting the gene expression levels of
Caspase 7 and NOXA in breast adenocarcinoma cells.

2. Materials and Methods
2.1. Cell culture and chemicals

MCF-7 (ATCC® HTB-22™) cells were flourished in
RPMI medium added with 10% fetal bovine serum
(FBS) (Sigma-Aldrich, St Louis, MO, USA) and
cultured in 75-cm2 Tissue Culture flasks in an
incubator in 5% CO2 at 37oC. Memantine was supplied
from Sigma-Aldrich, St Louis, MO, USA, and
dissolved in sterile, non-pyrogenic distilled water.
2.2. Cell cytotoxicity assay
3-(4,5-dimethylthiazol-2-yl)-2,5-diphenyltetrazolium
bromide (MTT) method with some modifications was
used to evaluate the cytotoxic effect of memantine
[18,19]. 4x103 cells/well were grown into 96 well
plates and produced for overnight. When attached after
24 h, MCF-7 cells were treated with memantine for 24
and 48 h. Then, MTT solution (5 mg/ml in PBS) was
added to each well, and the plate was incubated for 4 h
at 37oC. DMSO was put into each well in order to
solubilize the formazan crystals and the plate was kept
at 37oC for 30 min. Absorbance rate was quantified via
the SpectraMax M3 (Molecular Devices, USA)
microplate reader at 570 nm. Each treatment was
performed at least five times, and IC50 values were
computed using GraphPad Prism 8 software package.
2.3. Detection of gene expressions via quantitative
real-time PCR (qRT-PCR)
2.3.1.Primer design
The specific oligonucleotide primers were designed
according to DNA sequences of RPS6KB1 (S6KB1),
RPS6KB2 (S6KB2), 4E-BP1, AMPKα1, AMPKα2,
LKB1, Caspase 7, NOXA and GAPDH genes deposited
in NCBI reference sequence database (Table 1). NCBI
and BLAST (Basic Local Alignment Search Tool)
algorithms were used to confirm the designed primers.

Table 1. Designed forward and reverse primers for quantitative real-time PCR
Gene Name

Forward Primer (5'-3' sequence)

Reverse Primer (5'-3' sequence)

S6KB1

AGAAGATGCAGGCTCTGA

TTACCAAGTACCCGAAGTA

S6KB2

GAGCCTGGGAGCCCTGATGTA

GAAGCCCTCTTTGATGCTGTCC

4E-BP1

TAGCCCTACCAGCGATGAGCCT

GTATCAACAGAGGCACAAGGAGGTAT

AMPKα1

CAGGGACTGCTACTCCACAGAGA

CCTTGAGCCTCAGCATCTGAA

AMPKα2

CAACTGCAGAGAGCCATTCACTT

GGTGAAACTGAAGACAATGTGCTT

LKB1

GAGCTGATGTCGGTGGGTAT

GCCCTGGATTTGGTGCTC

Caspase 7

GGACCGAGTGCCCACTTATC

TCGCTTTGTCGAAGTTCTTGTT

NOXA

AAGAACGCTCAACCGAGCC

CTGCCGGAAGTTCAGTTTGTC

GAPDH

CTGACTTCAACAGCGACACC

TAGCCAAATTCGTTGTCATACC
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2.3.2. RNA extraction
To evaluate the expression of selected genes, total
RNA was isolated by using Trizol reagent (Invitrogen,
Thermo Fischer Scientific, USA) method [20]. Then,
the extracted RNA was treated using RNase-free
DNase I and stored at −80 °C. RNA concentrations
were evaluated using a Nanodrop 2000
spectrophotometer (Thermo Fisher scientific).
2.3.3. cDNA synthesis and qRT-PCR
2000 ng total RNA was reverse transcribed by
Superscript III cDNA Synthesis Kit (Invitrogen,
Thermo Fischer Scientific, USA). DNA concentrations
were
detected
using
a
NanoDrop
2000
Spectrophotometer (Thermo Scientific). Forward and
reverse designed primer sequences were used as shown
in Table 1. 10–20 cycles of specific target
amplification was performed by SYBR Green qPCR
master mix with the following thermocycler
conditions: 95°C for 5 min, then 50 cycles of 95°C for
15 sec, 60°C for 30 sec (amplification), followed by 72
°C for 10 min. Reactions were prepared in 10 μl total
volume, including 5 μl SYBR Green qPCR Master
Mix, 0.5 μl of each forward and reverse primers, 2.5 μl
nuclease-free water and 2 μl of template cDNA. RTqPCR analysis was carried out in Roche LightCycler
qPCR. GAPDH was utilized as an internal control
when calculating Cq value. ΔΔCq method was
performed to measure the expression levels of genes
[21].
2.3.4. Statistical analysis
Experimental data were presented as mean ± standard
deviation (SD) for at least four independent
experiments. The data were assayed via one-way
ANOVA followed by Tukey post hoc test using SPSS
20.0 software (Chicago, USA). The level of
significance (p-value) was expressed as *p < 0.05, **p
< 0.01, ***p < 0.001.

48h. As a result, memantine showed an
antiproliferative activity in MCF-7 cells. For gene
expression analysis, further 48h was preferred as a
time-point because the mediators that induce cell
death, tumor suppression or growth may take some
more time to act in cells. Antiproliferative effect of
memantine on metastatic breast cancer cells was also
reported in the previous studies [8,9]. North et. al
(2010) found that by use of Alamar Blue assay,
memantine inhibited SKBR3 and MCF-7 breast cancer
cell proliferation with IC50 at 48 h of approximately
250 μM and 200 μM, respectively [8]. Although
different assays were used for the detection of MCF
cell viability, IC50 concentrations of memantine were
found similar in each experiment for MCF-7 cells.
Additionally, Seifabadi et. al (2017) reported that the
IC50 value of memantine was exhibited at >100 μM
concentration and memantine (100 μM) combined with
paclitaxel (100 nM), anti-cancer chemotherapy drug,
displayed significantly synergistic antiproliferative
effect on MCF-7 cells [9]. It was also clarified that
memantine in combination with cytarabine that is a
chemotherapy agent enhanced cell death of acute
lymphoid and myeloid leukemia cell lines and
demonstrated antiproliferative effect on T-98 G human
glioma and LNCaP prostate cancer cell lines [3,10,11].
Albayrak et. al. (2018) also proved the antiproliferative
effect of memantin by discussing with the effect of
metformin, an another repositioning drug, and found
that memantin hindered LNCaP prostate cancer cell
growth rate at almost 10 times lower dose than
metformin [11]. As a result, the previous in vitro
studies about anticancer effects of memantine on breast
cancer cells were found to be consistent with the results
of this study, which shows a significant inhibition
against breast cancer cell progress.

3. Results and Discussion
3.1. Memantine displayed an antiproliferative
activity in MCF-7 cells
To detect cytotoxic effects of memantine on MCF-7
cells, the cells were treated with 100-500 µM range of
memantine for 24 and 48 h and evaluated the
percentage of viable cells. Memantine significantly
(p<0.01 and p<0.001) decreased MCF-7 cell
proliferation in a dose-dependent manner for 24 and 48
h (Figure 1.). IC50 values of memantine were
calculated as 300 µM and 250 µM for 24 and 48h,
respectively. Cell viability at 100-500 µM dose range
of memantine varied from 90.50% to 6.80% for 24 and

Figure 1. The viability of MCF-7 cells treated with different
concentrations of memantine for 24-48 h. Cell
viability was detected using MTT assay. The
IC50 value was calculated as 250 μM for 48 h.
The data are displayed as the percentage mean of
cell viability ±SD. **p<0.01 and ***p<0.001
demonstrate significant values according to
control.
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3.2. Memantine stimulated apoptotic cell death by
enhancing the expression of Caspase 7 and NOXA
genes
Apoptosis is a programmed cell death, which has been
considered to be serious for cancer prevention. So any
drug or compound that can stimulate apoptosis might
be beneficial for cancer therapy and apoptosis
initiation is presumably the most effective defense
toward cancer development [22]. Caspases are a family
of proteins that are central effectors of apoptosis and
their activation is also a characteristic of apoptosis
[23]. Caspase-7 is the major effector caspase in MCF7 cells, which lack caspase-3. The cells contain a
premature stop codon mutation in the Caspase 3 gene
and Caspase 7 demonstrates the same in vitro substrate
specificity as Caspase 3 [24]. Another apoptotic cell
death indicator protein in tumor cells is NOXA. It is a
pro-apoptotic member of the Bcl-2 family, which
intercede the triggering of apoptosis by activation of
the intrinsic and mitochondria apoptosis signaling
pathways. Cell death stimulation via cytotoxic drugs is
essentially regulated by the intrinsic apoptosis
signaling cascade. NOXA plays a significant role in
apoptosis stimulation by cytotoxic drugs [25].
In the present study, Caspase 7 and NOXA gene
expressions of MCF-7 cells treated with memantine for
48 h were evaluated. In Figure 2. it was demonstrated
that the treatment of the cells with 250 µM memantine
for 48h significantly increased gene expression levels
of Caspase 7 and NOXA (2.185±0.111, p<0.001 and
1.460± 0.036, p<0.01 as fold changes, respectively)

versus the control without memantine. In a previous
study, it was found that memantine also triggered
apoptotic cell death on prostate cancer cells by
enhancing pro-apoptotic Caspase 3, Caspase 9, Bax
protein levels, and reducing anti-apoptotic Bcl-2,
survivin protein expression levels. It was also revealed
that memantine displayed antineoplastic activity
through inducing of Bax-dependent pathway in
apoptosis [11]. Morever, Lowinus et. al (2019)
reported that memantine increased the chemotherapy
drug cytarabine-induced cell death in several subtypes
of acute leukemia cells by stimulating Caspase 9 and
Caspase 3, thus enhancing intrinsic apoptosis [3]. It
was also reported that memantine-derived drugs
exhibited antitumor effects in human U87MG
glioblastoma cell line by triggering apoptosis [26].
These previous reports were in agreement with the
results of this study.
The stimulation of Caspase 7 and NOXA gene
expressions by memantine was revealed for the first
time in this study. These findings suggest that
memantine may cause apoptotic cell death by
enhancing the gene expressions of Caspase 7 and
NOXA in MCF-7 cells. In this study, however, it could
not be demonstrated the apoptotic mechanisms
including mitochondrial intrinsic and extrinsic
pathway and also the role of pro-apoptotic and antiapoptotic Bcl-2 family proteins. Therefore, further
studies are required to clarify the action of these
apoptotic mechanisms and the role of apoptotic
proteins.

Figure 2. Gene expression levels of Caspase 7 and NOXA. The relative fold changes of (a) Caspase 7 and (b) NOXA genes
(2.185±0.111 and 1.460± 0.036 as fold changes, respectively) quantified by RT-PCR. The data are shown as the
relative expression level compared to GAPDH and indicated as mean ± SD. **p<0.01 and ***p<0.001
demonstrate significant values according to control.
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3.3. Memantine activated the LKB1-AMPK
pathway through reducing the gene expression
levels of RPS6KB1, RPS6KB2, and 4EBP1
Liver kinase B1 (LKB1) is a tumor suppressor gene that
includes the control mechanisms of tumorigenesis and
metabolism [13]. When LKB1 is involved in an
interaction with AMP-activated protein kinase
(AMPK), it cancels signal transduction via the
mammalian objective of rapamycin (mTOR) to block
cell progress, thus acting as a tumor suppressor.
Moreover, attenuated LKB1 expression was related to
enhanced metastatic and invasive potential. Therefore,
LKB1-associated pathways could ensure potential
targets to reduce the invasive and metastatic features of
breast cancer and the drugs activating these pathways
might be beneficial as cancer therapeutics [27,28]. To
define the molecular signal transduction, which is

liable for the anticancer action of memantine, gene
expressions of LKB1, AMPK catalytic subunits (α1 and
α2), and LKB1-AMPK pathway-related downstream
genes, 40S ribosomal S6 kinases (RPS6KB1 and
RPS6KB2) and eukaryotic initiation factor 4E-binding
protein (4EBP1) were investigated in this study. MCF7 cells were treated with 250 µM memantine for 48 h
and gene expression levels were shown in Figure 3.
The results showed that memantine significantly
(p<0.001) enhanced LKB1, AMPKα1, and AMPKα2
gene expression levels of 2.609±0.000, 2.842±0.017,
4.252±0.012 as fold changes, respectively. However,
memantine caused dramatically (p<0.01 and p<0.001)
decreases of RPS6KB1, RPS6KB2, and 4E-BP1 gene
expression levels in the fold change values of
0.617±0.000,
0.016±0.000
and
0.241±0.000,
respectively (Figure 3).

Figure 3. Effect of memantine (IC50: 250 µM, for 48 h) on gene expression levels of (a) LKB1, (b) AMPKα1, (c) AMPKα2,
(d) S6K1, (e) S6K2 and (f) 4E-BP1 evaluated by RT-PCR. The data are shown as the relative expression level
compared to GAPDH and indicated as mean ± SD. **P<0.01 and ***P<0.001 demonstrate significant values
according to control.

In a previous study, it was shown that decreased LKB1
protein expression in the samples obtained from local
breast carcinoma patients was associated with higher
histological stage, larger tumor gravity, the existence
of lymph node metastasis and shorter survival [29].
Morever, Baek et. al (2020) have reported that AMPK
activation extinguish the progress of several cancers by
the arrangement of cell cycle process, autophagy,
apoptosis, the prevention of protein and fatty acid

synthesis. They have also signified that AMPK activity
in patient tumors is related to aggressive clinical
phenotype or poor prognosis [30]. AMPK is formed as
a heterotrimer consisted of α1, α2, β1, β2, γ1, and γ2
subunits. AMPKα1 is extensively expressed in cells;
however, AMPKα2 is only expressed in skeletal
muscle, hepatocytes, and cardiac muscle cells. Yi et. al
(2020) have recently demonstrated that transcriptional
inhibition of AMPKα1 expression leads to a
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breakdown of cell–cell adhesion and enables cancer
metastasis. Additionally, they have found that
AMPKα1 mRNA levels are dramatically decreased in
breast cancer subtypes and its decreased expression is
associated with breast cancer metastasis and poor
clinical results [31]. It was also reported that AMPKα2
is greatly suppressed in MCF-7 cells and breast cancer
tissues [32]. These results in common impress on the
importance of decreased AMPK activity promoting
human carcinogenesis and, the function of AMPKα2
relating to its control of normal mammary epithelial
cell growth and its decreased expression in breast
cancer. In contrast to these results, memantine caused
an increase of LKB1, AMPKα1, and AMPKα2 mRNA
expression levels in MCF-7 cells and exhibited anticancer action. Therefore, the findings of this study
suggest that memantine activates LKB1 and AMPK to
hinder the malign characteristics of MCF-7 cells. To
evaluate the LKB1- AMPK pathway activation by
memantine, the expression of its downstream proteins
are also evaluated in this study.
mTOR (rapamycin), also recognized as the
mammalian aim of rapamycin, is a significant target
for breast cancer treatment because of acting a crucial
role in tumorigenesis. mTORC1, one of the distinct
complex named as raptor, mediates its performance by
its downstream targets ribosomal S6 kinases (S6K1
and S6K2) and 4E-BP1. S6K1 and S6K2 are coded by
ribosomal S6 kinase RPS6KB1 on chromosome 17 and
RPS6KB2 on chromosome 11, respectively [33].
Perez-Tenorio et. al. (2011) reported that S6K1
(RPS6KB1) and S6K2 (RPS6KB2) genes were

overexpressed in breast cancer tissues and the
overexpression of these genes possess prognostic and
treatment predictive importance in breast cancer [34].
Karlsson et. al. (2011) also demonstrated that S6K2
was often co-expressed with 4E-BP1, a candidate
oncogene in breast cancer, refering synergy among the
mTOR targets S6K2 and 4EBP1 in breast cancer
growth
and
development
[35].
Moreover,
overexpression of 4E-BP1 is considered to be almost
universal in breast cancer progression since it is a part
of a genomic area that, when overexpressed, presents a
poor prognosis for patients [36,37].
The results of this study suggest that memantine arrests
MCF-7 cell proliferation by activating LKB1-AMPK
pathway and blocks the overexpression of its
downstream genes 4E-BP1, S6K1 and S6K2, thus
suppressesing the breast cancer progression (Figure 4).
In the present study, the findings in MCF-7 cells
treated with memantine were in contrast to these results
as there was a decrease in 4E-BP1, S6K1 and S6K2
expressions. The significant (p<0.001) decreases of
S6K2 and 4E-BP1 expressions together in the cells
treated with memantine might also display the
existence of mTORC1 in the LKB1-AMPK pathway.
But it could not detect mTOR expression in this study.
Therefore, further investigations should be performed
to reveal whether the activation of this pathway by
memantine is mTOR dependent or not. Moreover, the
function of memantine in association with the LKB1–
AMPK pathway in tumor suppression should be more
investigated.

Figure 4. Activation of the LKB1-AMPK signaling pathway by memantine in MCF-7 cells
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(827) (2018)103-111.

4. Conclusions
In this study for the first time, it was highlighted that
memantine is capable of activating the LKB1-AMPK
pathway and reduces gene expression levels of S6K1,
S6K2, and 4EBP1. The data obtained from this study
reveal a molecular mechanism that may contribute to
the anti-cancer action of memantine to prevent or treat
breast cancer. Enhanced Caspase 7 and NOXA
expressions may point out that memantine could cause
apoptotic cell death. But the cell death mechanism of
memantine on MCF-7 cells is required to be clarified.
Further research should be carried out to exhibit
whether memantine causes the reduction of cell-cell
adhesion, the inhibition of cancer metastasis, and the
activation of LKB1-AMPK pathway-dependent
mTOR or not. The mechanisms linked to this pathway
should be revealed in detail to better understand the
anti-cancer action of memantine.
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This study determined the abilities of indigenous microorganisms to utilise atrazine, xtravest,
gramoxone and glyphosate as a carbon source and for their growth. Isolation of
microorganisms was done using the spread plate method on the solid mineral salts medium
with each herbicide added to separate plates. The plates were incubated at 30°C for 5 days for
bacteria and at 30oC for 7days for fungi. B. subtilis, P. aeruginosa, P. florescences, P. putida,
Aspergillus niger, A. tamarii, Fusarium oxysporum, and P. chrysogenum were isolated in all
the herbicide treated soils. Bacillus subtilis recorded the highest optical density value of 1.401
(logCFU/ml) on the 25th day and viable count value of 9.08 (log CFU/ml) (1.21×109 cfu/ml)
on the 20th day during growth on glyphosate. F. oxysporum recorded the lowest pH of 4 in
gramoxone on the 25th day of incubation and the highest count of 6.10×104 cfu/g on the 20th
day during atrazine utilisation. B. subtilis, A. niger and F. oxysporum showed the best abilities
to utilise the herbicides for growth and as carbon source. Indigenous microorganisms used in
this study successfully utilised the herbicides as carbon source and for growth hence they could
be used in bioremediation.
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1.

Introduction

Herbicides are used to control weeds in modern
agriculture. When herbcides are applied to the field,
they control target weeds, as well as have potential
residual impact in soil [1]. Varying toxicity of
herbicides in soil may cause changes in microbial
community structure and function, and concomitantly
influencing soil health and ecosystem processes [1].
Microbes are also exposed to these herbicides over a
period of time before breakdown by microbes and
environmental factors [2].
There are several mechanisms for the clean-up of
herbicides in soils, such as chemical treatment,
volatilization and incineration [3]. Chemical treatment
and volatilization are very effective in herbicide clean
up. However, in the long run large volumes of acids
and alkalis, which are lethal to the living organisms in
the environment are produced and subsequently must
be removed. Incineration, which is a very reliable
physical-chemical method for destruction of these
compounds, has met serious public opposition,
because of its potentially toxic emissions, and its
elevated economic costs [4]. These physical-chemical
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cleaning technologies are costly and inefficient
because the contaminated soil has to be moved to a
storage area where it can be processed [5].
As a result of environmental concerns associated with
the accumulation of pesticides in food products and
water supplies, it is very important to develop safe,
convenient and cheap methods for pesticide removal
[4]. Cosequently biological techniques involving
biodegradation
of
organic
compounds
by
microorganisms have been developed [6]. The use of
microorganisms, either naturally occurring or
introduced, to degrade pollutants is called
bioremediation [7]. Fungi are generally more tolerant
to high concentrations of polluting chemicals than
bacteria [8]. Therefore, some fungi represent a
powerful and important tool in soil bioremediation.
Some species of fungi have already been used in
bioremediation
[9].
Glyphosate
[N(phosphonomethyl) glycine, glyphosate], a postemergence nonselec¬tive broad-spectrum herbicide,
and glyphosate-containing herbicides are the most
extensively used herbicides in agriculture for the
control of many annual and perennial weeds [10-11].
In some cases, glyphosate usage may threaten
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agricultural production. Some studies have shown that
glyphosate can be broken down by microorganisms
and
plants.
Active
glyphosate-degrading
microorganisms have been isolated from soils polluted
by organophosphonates [12]. Glyphosate is primarily
decomposed by bacteria and fungi in the soil. Bacteria
and fungi utilize glyphosate as carbon source, leading
to the production of ami¬nomethylphosphonic acid, or
as a phosphorus source, producing glycine [13].
Bacteria are the most versatile and diversified
organisms as a result of their nutritional requirements
[14]. İt is important to develop an affordable and
environmentally friendly bioremediation method using
glyphosate-degrading bacteria as a promising approach
for cleans¬ing and restoring soils contaminated with
this herbicide [15].
Atrazine is a selective pre- and post- emergence
herbicide providing knockdown and residual action. It
has low rate of volatilization from soil and is
moderately persistent (half life of ~60 days). It is more
persistent in neutral and alkaline soils than in soils with
low pH [16]. Atrazine is moderately mobile and can be
leached through soils into groundwater [17].
Metolachlor is a selective herbicide used in the control
of grassy weeds in the cultivation of corn, soybeans,
peanuts, cotton and other crops. Metolachlor is often
used in combination with other broadleaved herbicides
(e.g. atrazine, metobromuron and propazine) to extend
the spectrum of activity [18]. Hence this study
determined the ability of indigenous microorganisms
to utilise atrazine, xtravest (atrazine + metolachlor =
xtravest), gramoxone and glyphosate as carbon source
and for growth, which is a prerequisite for
biodegradation and bioremediation of this herbicides
in the soil.

2. Materials and Methods
2.1. Soil sampling
Soil samples were collected from depths of 0–15 cm
using soil augur. Samples were then mixed and
homogenized. After removing recognizable plant
debris, samples were air-dried and sieved through a 2mm mesh sieve.
2.2. Study site
The present study was carried out in the agricultural
field located at Oke Odo Street Ago-Iwoye. The soils
had no prior pesticide treatment. The site (open field)
was divided into fifteen plots (5 m2 each) of land. The
experiment was made up of five treatments (Control
(without treatment) and four with treatments).

2.3. Herbicides
The herbicides used in this work were provided from a
local agricultural dealership store in Ibadan. They
were; Xtravest {atrazine[1-Chloro-3-ethylamino-5isopropylamino-2,4,6-triazine,
C8H14CIN5]
+
metolachlor [2 -chloro -N- (2-ethyl-6-methylphenyl) N(1-methoxypropan-2-yl)
acetamide],
C15H22CINO2, {27+15%} Suspo (SE)} (a product of
Zhejiang Province Changxing First Chemical Co.,
Ltd., Xiaopu, Changxing, Zhejiang, China),
Glyphosate
[2,4-Dichlorophenoxyacetic
acid,
C3H8NO5P] (Roundup, a product of Monsanto
Europe S.A./N.V. Haven 627, Scheldelaan 460 2040
Antwerpen Belgium), Gramoxone [1,1-Dimethyl-4,4bipyridinium dichloride, C12H14CI2N2] (Syngenta
Crop Protection AG, Basle, Switzerland) and Atrazine
[1-Chloro-3-ethylamino-5-isopropylamino-2,4,6triazine, C8H14CIN5] (Forward (Beihai) Hepu
Pesticide Co. Ltd., 1, Quingshuijiang Liangzhou Hepu,
Beihai, Guangxi, China, 536100).
2.4. Soil treatments
The treatments were carried out using the complete
randomized block design for a period of 8 weeks; at
company recommended rates of 4 l/h (at 350 ml in 15
l sprayer), soil treatments were carried out in
triplicates.
2.5. Isolation of herbicide utilizing bacteria and
fungi from soil samples
Five grams of each soil sample was dispensed into 250ml Erlenmeyer flasks containing a mixture of 50 ml of
mineral salts medium and 1 ml of each herbicide in
separate flasks. This concentration was used because it
is equivalent to the field application rate. The flasks
were incubated on a rotary shaker (Gallenkamp,
England) at 120 rpm for 7 days at 30°C. Isolation was
then carried out using the spread plate method on the
solid mineral salts medium with each herbicide added
to separate plates. The culture plates were incubated at
30°C for 5 days for bacteria and 30oC for 7days for
fungi. The above steps were repeated by taking 1.0 ml
of sample from each broth culture and transferred to
fresh enrichment medium followed by incubation as
described for 7 days. Isolation was done using the
spread plate method on the solid mineral salts medium
described above with added glyphosate. The plates
were incubated at 30°C for 5 days. Morphologically
distinct colonies of indigenous microbial isolates of
bacteria and fungi isolated on nutrient agar for bacteria
and potato dextrose agar for fungi respectively were
used in the herbicide utilization experiments. Identity
of the bacterial isolates was affirmed after
characterization by standard bacteriological methods
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[19-20] while the fungal isolates were identified using
morphological and cultural characteristics.
2.6. Determination of the abilities of bacteria and
fungi to utilise herbicides for growth and as carbon
source
The abilities of microbial isolates to utilise herbicide
substrates (atrazine, xtravest, glyphosate and
gramoxone) in pure cultures were determined in
minimal salt medium (g/l) [21]. The components were
dissolved in 1000ml distilled water, homogenised on
hot plate magnetic stirrer to form uniform solution for
30 min. The pH of the basal medium was adjusted to
pH 7.2. The basal medium of 150 ml was dispensed
into 250 ml Erlenmeyer flasks and herbicide substrates
were introduced into each flask respectively at 100
ppm after sterilisation which was done separately in an
autoclave at 121oC for 15 min and cooled to ambient
temperature. One ml aliquot of diluted overnight broth
cultures of each test organisms (×104 cells/ml) were
seeded into each flask respectively and the flasks were
incubated in a gyratory shaker incubator at 150 rpm for
a period of thirty days at 30oC (Bacterial isolates used
in the utilisation experiments were those that had the
highest turbidity, while the fungal isolates used were
those that had the highest counts on each of the
herbicides). Utilisation of herbicide fractions by
microbial isolates was evaluated by monitoring
bacterial and fungal growth measured by viable count
on Nutrient agar. The optical density was determined
at 600 nm wavelength with PG T70 U.V/VIS
spectrophotometer, changes in pH was determined
with pH meter (Model Hama microprocessor P211 pH
meter) and fungal dry weights were also determined
using the mettler balance. A medium without organism
was also prepared as control.
2.7. Viable counts
The plates were placed on the Quebec colony counter
with the lid removed. Counting was done from the top
of the plate using grid lines to prevent counting a
colony twice. A mechanical hand counter was used.
Every colony was counted regardless of how small or
insignificant. The number of the organisms per
millilitre of culture was determined by multilying the
number of colonies counted by the dilution factor.
Viable counts of bacteria were also expressed as log
CFU/ml.

absorbance. The cuvette of the minimal salt medium
was removed and the lid closed. The sterile minimal
salt medium contained in the cuvette was reinserted to
see if the 0% absorbance still registered.
Measurements were then made by inserting cuvette
containing 2 ml broth culture into the sample holder.
2.9. Dry weights
Filter paper was weighed using the digital mettler
balance P 163. The fungi was harvested on the filter aer
by filteration and dried in the oven. The weght was
then determined. Deductions were then made by
sbtracting the weight of the filter aer when it was
unused from the weight after harvesting the fungi and
oven drying.
2.10. Statistical analysis
The data were statistically analysed, with SPSS 20
software, using a one-way analysis of variance
(ANOVA).

3. Results and Discussion
3.1. Microorganisms isolated from herbicide
treated soils
Presented in Table 1 are the microbiological and
physicochemical properties of the soil at the
experimental site before treatment with herbicides.
Presented in Tables 2-3 are bacteria isolated from the
2nd to the 8th week of herbicide treatment.
Pseudomonas spp and Bacillus spp were found to be of
common occurrence in herbicide treated soils from the
2nd to the 8th week of treatment.
B. subtilis, P. aeruginosa, P. florescences and P.
putida were isolated in all the herbicide treated soils.
Of all Actinomycetes species isolated in this study,
Actinomyces viscous was consistently isolated in all
herbicide treated soils. In Table 4 Aspergillus,
Fusarium and Penicillum species were of common
occurrence in all the herbicide treated soils. A. niger,
A. tamarii, F. oxysporum, and P. chrysogenum were
found to be in more abundance in all the herbicide
treated soils compared to all other fungal species
isolated in this study.

2.8. Optical density
A cuvette containing 2 ml of sterile minimal salt
medium was inserted into the sample holder of the
spectrohotometer
(PG
T70
U.V/VIS
spectrophotometer). The wavelength knob was set at
600nm. The meter was adjusted to read 0%
786
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Table 1. Microbiological and physicochemical properties of soil at the experimental site
Soil properties
Soil type
Bacterial count (CFU/ml×105)
Fungal count (CFU/g×105)
Total nitrogen (%)
Available phosphorus (ppm)
Organic matter (%)
Soil electrical conductivity (µS/m)
pH
Soil moisture (g)
Sand (g/kg)
Silt (g/kg)
Clay (g/kg)

Values
Ferric luvisols
9.70
1.10
0.12
10.0
2.20
250
6.80
18.20
650
150
160

Table 2. Bacterial species isolated at the 2nd and 4th weeks of treatment of herbicides (glyphosate, atrazine, xtravest and
gramoxone) on the experimental soil at the rates of 4 l/h (at 350 ml in 15 l sprayer)
TREATMENT
2nd Week
Control

Glyphosate
Atrazine

Xtravest

Gramoxone
4th Week
Control
Glyphosate
Atrazine
Xtravest
Gramoxone

BACTERIA
Bacillus cereus, B. subtilis, B. macerans Serratia marscences, Micrococcus acidophilus, M.
luteus, Staphylococcus aureus, Pseudomonas nigrificans, P. aeruginosa, P. putida, P.
gellucidum, Proteus vulgaricus, Actinomyces viscous, Streptomyces faecalis, Actinomyces
sphaerophorum, Norcadia sp.
Aerobacter aerogenes, Bacillus subtilis, B. polymyxa, P. nigrificans, Pseudomonas putida, P.
aeruginosa, P. floresences, P. cepaciae, P. gellucidum M. varians, M. luteus, M. acidophilus,
Streptococcus lactis, S. aureus, S. marscences, Actinomyces sp., Norcadia sp.
A. eutrophs, B. licheniformis, B. macerans, B. subtilis, P. purefaciens, P. nigrificans, P. putida,
P. stutzeri, S. marscences, M. luteus, Streptococcus zymogenes Actinomyces viscous, Norcadia
sp, Streptomyces ambofaciens
A. eutrophs, B. megaterium, B. licheniformis, B. macerans, B. subtilis, Flavobacterium
aquantile, P. floresences, P. gellucidum, M. luteus, P. putida, P. nigricans, P. purefaciens,
Serratia marscences, Streptococcus faecium, Streptomyces zymogenes, Actinomyces sp.,
Actinomyces bovis, Actinomyces viscous, Norcadia farcinica
Azotobacter chroccoccum, B. coagulans, B. subtilis, B. macerans, B. cereus, Corynebacterium
callunae, M. luteus, M. roseus, P. putida, P. florescences, P. mallei, P. purefaciens, P. nigricans,
P. aeruginosa, Serratia marscences Streptococcus faecium, Actinomyces eriksonii, Actinomyces
viscous.
B. cereus, B. macerans, M. luteus, P. morganii, P. aeruginosa, P. nigrificans, Proteus
vulgaricus, Serratia marscences, S. aureus, Streptococcus faecalis, Actinomyces viscous,
Alcaligenes eutrophs, B. subtilis, B. cereus, B. polymyxa, M. luteus, P. aeruginosa, P.
gellucidium, P. florescences, P. putida Proteus vulgaricus, S. aureus, Streptococcus lactis,
Norcadia sp, Serratia marscences, Actinomyces sp. Streptomyces ambofasciens
B. licheniformis, B. subtilis, P. florescences, P. putida, P. purefaciences, P. aeruginosa, P.
stutzeri, M. luteus, M. acidophilus, S. aureus, Serratia marscences, Streptococcus zymogenes,
Actinomyces viscous
A. eutrophs, Bacillus megaterium, P. florescences, P. putida, B. subtilis, B. macerans, B.
licheniformis, Flavobacterium aquantile, S. aureus, Actinomyces bovis Norcadia farcinica
Azotobacter chroccoccum, Corynebacterium callunae, B. coagulans, B. macerans, M. luteus,
M. roseus, P. aeruginosa, P. chrysogenum, P. florescences P. gellucidum, P. mallei, P.
purefaciences, P. putida, Serratia marcences, Streptococcus faecium, Actinomyces viscous,
Actinomyces erriksoni
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Table 3. Bacterial species isolated at the 6th and 8th weeks of treatment of herbicides (glyphosate, atrazine, xtravest and
gramoxone) on the experimental soil at the rates of 4 l/h (at 350 ml in 15 l sprayer)
TREATMENT
6th Week
Control

Glyphosate
Atrazine
Xtravest
Gramoxone

8th Week
Control
Glyphosate
Atrazine
Xtravest
Gramoxone

Table 4.

BACTERIA
B. cereus, B. licheniformis, B. macerans, B. subtilis, M. luteus, P. aeruginosa, P. florescences, P.
nigrificans, P. putida, P. stutzeri. Serrratia marcescens, Streptococcus faecum, S. aureus A. Viscous
A. eutrophs, B. macerans, B. polymyxa, Streptococcus faecum, M. luteus, P. aeruginosa, P. cepaciae,
P. gellucidium, P. putida, A. viscous, Streptomyces ambofasciens, Norcadia sp.
B. licheniformis, B. subtilis, B. cereus, M. acidophilus, M. luteus, P. aeruginosa, P. florescences, P.
nigrificans, P. putida, P. stutzeri, S. aureus, Serratia marcences, Actinomyces viscous, Norcadia sp.
B. macerans, B. licheniformis, B. megaterium, M. luteus, P. putida, P. florescences, Streptococcus
faecum, Serratia marscences, A. viscous, Norcadia sp.
Azotobacter chroccoccum, A. eutrophs, B. coagulans B. macerans, B. subtilis, Corynebacterium
callunae, Flavobacterium aquantile, P. mallei, P. putrefaciences, P. aeruginosa, P. gellucidum, P.
putida, M. lactis, M. luteus, M. roseus, S. aureus, Actinomyces bovis, Actinomyces erriksonii, A.
viscous, Norcadia farcinica
B. cereus, B. macerans, B. subtilis, M. luteus, P. aeruginosa, P. florescences, S. faecum, S. aureus,
Actinomyces viscous,
A. eutrophs, B. macerans, B. polymyxa, B. subtilis, M. luteus, P. aeruginosa, P. cepaciae, P.
gellucidium, P. putida, Streptococcus faecum, A. viscous, Norcadia sp., Streptomyces ambofasciens
B. licheniformis, B. cereus, B. subtilis, M. luteus, P. aeruginosa, P. florescences, P. gellucidium, P.
nigrificans, P. putida, P. stutzeri, S. aureus, Serratia marscences, A. viscous, Norcadia sp.
A. eutrophs, B. cereus, B. licheniformis, B. macerans, B. megaterium, B. subtilis, Flavobacterium
aquantile, P. florescences, P. putida, P. putrefaciences, Serratia marscences, S. aureus, A. bovis, A.
viscous, Norcadia farcinica
Azotobacter chroccoccum, B. coagulans, B. macerans, B. subtilis, Corynebacterium callunae, M.
luteus M. roseus, P. gellucidium, P. putida, P. putrefaciences, P. mallei, Proteus morganii, S. aureus,
A. Viscous

Fungi isolated after treatment of herbicides (glyphosate, atrazine, xtravest and gramoxone) on the experimental soil at the rates
of 4 l/h (at 350 ml in 15 l sprayer)

TREATMENT
2nd Week
Control
Glyphosate
Atrazine
Xtravest
Gramoxone
4th Week
Control
Glyphosate
Atrazine
Xtravest
Gramoxone
6th Week
Control
Glyphosate
Atrazine
Xtravest
Gramoxone
8th Week
Control
Glyphosate
Atrazine
Xtravest
Gramoxone

FUNGI
Aspergillus tamarii, A. niger, F. compacticum, Fusarium oxysporum, Penicillum oxalicum, Alternaria
sp., Rhizopus nigricans
Alternaria sp., A. terreus, Rhizopus nigricans, A. tamarii, F. compacticum, P. chrysogenum,
Penicillum citrinum,
A. tamarii, A. terreus, F. oxysporum, P. citrinum, P. oxalicum, R. nigricans, Rhizopus oligosporus
A. terreus, A. tamarii, A. niger, P. chrysogenum, F. oxysporum, R. oligosporus, R. nigricans, P.
citrinum, F. compacticum, Alternaria sp.
A. tamarii, A. terreus, P. oxalicum, P. citrinum, R. nigricans, F. Oxysporum
A. niger, F. oxysporrum, R. nigricans
Alternaria sp., A. niger, A. tamarii, F. oxysporum, R. nigricans, P. oxalicum, P. citrinum,
Saccharomyces sp.,
A. terreus, A. tamarii, F. oxysporum, R. nigricans, P. chrysogenum, P. oxalicum
A. tamarii, A. niger, A. terreus, F. oxysporum, P. chrysogenum, P. oxalicum, R. nigricans, R.
Oligosporus
A. niger, A. tamarii, A. terreus, F. oxysporum, P. chrysogenum, P. oxalicum, R. nigricans,
Saccharomyces sp.,
A. tamarii, A. terreus, A. niger, F. Oxysporum
F. compacticum, P. oxalicum, R. Nigricans
A. niger, A. terreus, F. compacticum, P. oxalicum, R. nigricans,
A. niger, A. terreus, R. nigricans, P. Oxalicum
A. niger, A. terreus, F. oxysporum, R. nigricans, Saccharomyces sp.,
A. niger, A. tamarii, A. terreus, F. oxysporum R. nigrificans,
F. compacticum, P. oxalicum, R. Nigricans
A. niger, A. terreus, F. compacticum, F. oxysporum, P. Oxalicum
A. niger, A. terreus, F. oxysporum, P. chrysogenum, P. oxalicum, R. Nigricans
A. terreus, F. oxysporum, P. chrysogenum, P. oxalicum, R. nigricans, Saccharomyces sp.
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3.2. Biodegradation indices of identified bacterial
and fungal isolates
There were significant changes (P≤0.05) in the optical
density and pH values of the identified bacterial
isolates on the 5th , 10th, 15th , 20th, 25th and 30th
days of incubation respectively during the utilisation of
atrazine, glyphosate, gramoxone and xtravest. On the
5th day of incubation during the utilisation of
gramoxone the pH values changed significantly
(P≤0.05). There was no significant changes (P≥0.05) in
viable counts on atrazine on the 30th day of incubation.
There were significant changes (P≤0.05) in viable
counts of identified bacteria on the 5th, 20th and 25th
days of incubation respectively during the utilisation of
atrazine. Meanwhile during the utilisation of
glyphosate there were significant changes (P≤0.05) in
Meanwhile, Bacillus subtilis significantly utilised
(P≤0.05) atrazine recording the highest optical density
value of 0.934 and viable count value of 8.98
(logCFU/ml) on the 20th day (Figures 1 & 2). Serratia
marcescens recorded the lowest viable count and
optical density values of 7.78 and 0.549 respectively
on the 30th day during growth on atrazine (Figures 1
& 2). P. putida had the lowest pH value of 5.84 on
atrazine while P. stutzeri recorded the highest pH value
of 6.42 during growth on atrazine (Figure 3).

OPTICAL DENSITY (AT
600nm)

Bacillus subtilis recorded the highest optical density
value of 1.401 on the 25th day and viable count value
of 9.08 (1.21×109 cfu/ml) on the 20th day during
growth on glyphosate thus significantly (P≤0.05)
utilising glyphosate for growth closely followed by
Pseudomonas aeruginosa with optical density value of
1.24 also on the 20th day and viable count value of 9.03
(logCFU/ml) (1.07×109 cfu/ml) (Figs. 4 & 5).
Flavobacterium rigense recorded the lowest viable
count and pH values of 7.83(logCFU/ml) and 5.70
respectively on the 30th day during growth on
glyphosate (Figures 5 & 6) meanwhile Streptomyces
ambofasciens had the lowest optical density of 0.614
on the 30th day during growth on glyphosate (Figure
4).

viable counts on the 5th , 25th , and 30th days
respectively, while on the 20th day there was no
significant change (P≥0.05) in the viable counts of
bacterial isolates on the 10th , 15th and 20th days of
incubation respectively.
During the utilisation of gramoxone there were
significant changes (P≤0.05) on the 5th, 10th, 25th and
30th days of incubation respectively. The changes in
viable counts on the 15th and 20th days of incubation
were insignificant (P≥0.05). The viable counts during
the utilisation of xtravest were found to be significant
(P≤0.05) on the 5th, 10th, 15th, 25th and 30th days of
incubation respectively. Meanwhile on the 20th day
there were insignificant changes (P≥0.05) in the viable
counts of the bacterial isolates on the 20th day of
incubation.
Bacillus coagulans significantly utilised (P≤0.05)
gramoxone with peak optical density value of 1.13 and
viable count value of 9.14 (logCFU/ml) (1.37×109
cfu/ml) on the 20th day (Figs. 7 & 8). Micrococcus
roseus had the lowest pH of 5.68 during growth on
gramoxone after the 30th day of growth while
Pseudomonas mallei had the highest pH value of 6.17
after the 30th day of growth on gramoxone (Figure 9).
Meanwhile Corynebacter callaunae recorded the
lowest viable count value of 7.53 (logCFU/ml)
(3.4×107 cfu/ml) on the 30th day of growth (Figure 8)
while M. roseus and Actinomyces erriksonii recorded
the lowest optical density value of 0.651 after the 30th
day during growth on gramoxone (Figure 9).
Bacillus substilis had the highest optical density value
of 1.63 and viable count value of 9.25 (logCFU/ml)
(Figure 10 & 11) on the 20th day. Norcadia farcinica
had the lowest pH of 5.97 during growth on xtravest
after the 30th day of growth in while Flavobacterium
aquantile had the highest pH value of 6.34 after the
30th day of growth on xtravest (Figure 12). Meanwhile
A. bovis recorded the lowest viable count (Figure 11)
and optical density values (Figure 12) of 7.83
(logCFU/ml) and 741 on the 30th day of growth on
xtravest.
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Figure 1. Changes in optical density of bacterial species during growth on atrazine.

789

VIABLE COUNTS (log10)

Sebiomo, Banjo / Cumhuriyet Sci. J., 41(4) (2020) 784-801

10
8

Bacillus licheniformis

6

Pseudomonas putida

4

Bacillus subtilis

2

Actinomyces viscous

0

Pseudomonas stutzeri

5th

10th

15th

20th

25th

30th

Serratia marcescens

DAYS

pH

Figure 2. Chages in viable counts of bacteria species, incubated in medium with atrazine herbicide, along the days of
incubation were significant for bacteria (P<0.05) analysed in this study.
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Figure 3. Changes in pH of bacteria species, incubated in medium with atrazine herbicide, along the days of incubation were
significant for bacteria (P≤0.05) analysed in this study
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Figure 4. Changes in optical density of identified bacterial species during growth on glyphosate.
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Figure 5. Changes in viable counts of identified bacterial species during growth on glyphosate.
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Figure 6. Changes in pH of identified bacterial species during growth on glyphosate.
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Figure 7. Changes in optical density of identified bacterial species during growth on gramoxone.
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Figure 8. Changes in viable counts of identified bacterial species during growth on gramoxone.

791

pH

Sebiomo, Banjo / Cumhuriyet Sci. J., 41(4) (2020) 784-801

8
7
6
5
4
3
2
1
0

Micrococcus roseus
Corynebacterium callunae
Pseudomonas mallei
Bacillus coagulans
Azotobacter chroccoccum

5th

10th

15th

20th

25th

Actinomyces erriksonii

30th

DAYS

OPTICAL DENSITY (AT 600nm)

Figure 9. Changes in pH of identified bacterial species during growth on gramoxone.
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Figure 10. Changes in optical density of identified bacterial species during growth on xtravest.
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Figure 11. Changes in viable counts of identified bacterial species during growth on xtravest.
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Figure 12. Changes in pH of identified bacterial species during growth on xtravest.

ANOVA results showed that there were significant
changes (P≤0.05) in fungal pH values on days 5, 15
and 25 of incubation respectively during utilisation and
biodegradation of glyphosate. Meanwhile on days 10
and 20 the fungal isolates showed insignificant
difference (P≥0.05) in fungal pH values. In Figures 13
and 16, pH reduced from the 5th to the 25th day of
incubation, while in Figures 14 and 15, pH increased
slightly from the 5th to the 15th day of incubation and

then dropped from the 20th to the 25th day of
incubation.
During growth on glyphosate R. nigricans and F.
oxysporum produced the lowest pH value of 5 on the
25th day of incubation; meanwhile A. tamarii had the
highest pH of 5.57 and 5.23 on the 5th and 25th days
of incubation respectively (Fig. 13).
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Figure 13. Changes in pH of identified fungal species during growth on glyphosate.

In Figure 14, statistical analysis indicated significant
difference (P≤0.05) in pH values of fungi at the 25th
day of incubation. There were no significant changes
in pH values from the 5th to the 20th days of incubation

(P≥0.05). A. tamarii had the highest pH value of 5.57
on the 15th day of incubation during growth on atrazine,
while F. oxysporum had the lowest pH value 5 (Figure
14).
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Figure 14. Changes in pH of identified fungal species during growth on atrazine
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Statistical analysis showed that there was significant
difference (P≤0.05) in pH values of fungal isolates
along the incubation period at the 5th, 15th, 20th, and
25th days of incubation respectively. A. niger and P.

oxalicum had the lowest pH value of 5 at the 25th day
of incubation during growth on xtravest, while A.
tamarii had the highest pH of 5.70 on the 15th day of
incubation (Figure 15).
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Figure 15. Changes in pH of identified fungal species during growth on xtravest.

In Figure 16, ANOVA results showed that fungi
isolates caused significant changes (P≤0.05) in pH
values from the 5th to the 25th days of incubation
respectively. F. oxysporum had the lowest pH values

of 4.5 and 4 on the 5th and 25th days of incubation
respectively, while A. terreus had the highest pH
values of 5.6 and 5.3 on the 5th and 25th days of
incubation respectively during growth on gramoxone.
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Figure 16. Changes in pH of identified fungal species during growth on gramoxone.
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In Figure 17, ANOVA results showed that there was
significant difference (P≤0.05) in fungal counts as the
incubation period progressed from the 5th to the 25th
days of incubation respectively. Fungal counts of A.
terreus, R. nigricans and F. oxysporum increased from
the 5th to the 20th day of incubation and then dropped
on the 25th day of incubation while A. niger increased
from the 5th to the 15th day of incubation and then

dropped from the 20th to the 25th days of incubation
(Figure 17). A. tamarii increased from the 5th to the
15th day, remained constant on the 20th and then
dropped on the 25th day. A. niger had the highest
fungal count of 6.00×104 cfu/g on the 15th day of
incubation on glyphosate, while R. nigricans recorded
the lowest fungal count of 2.00×104 cfu/g on the 10th
day of incubation.

FUNGAL COUNTS (CFU/g)×105
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Figure 17. Changes in viable counts of identified fungal species during growth on glyphosate

FUNGAL COUNTS
(CFU/g)×105

In Figure 18, statistical analysis indicated significant
difference (P≤0.05) in fungal counts along the
incubation period from the 5th to the 25th days of
incubation respectively. Fungal counts of A. niger, A.
terreus and A. tamarii increased from the 5th to the 15th
day of incubation and then dropped from the 20th day
to the 25th day of incubation. Conversely counts of F.
0,7
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0,3
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0

oxysporum increased from the 5th to the 20th day of
incubation and then dropped on the 25th day of
incubation. F. oxysporum recorded the highest count of
6.10×104 cfu/g on the 20th day of incubation while A.
terreus had the lowest count of 2.00×104 cfu/g on the
5th day of incubation during the utilisation of atrazine.
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Figure 18. Changes in viable counts of identified fungal species during growth on atrazine
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FUNGAL COUNTS (CFU/g)×105

Figure 19 shows changes in fungal counts of identified
fungal species during growth on xtravest. ANOVA
results showed that there were significant changes
(P≤0.05) in fungal counts among the fungal isolates on
xtravest as the incubation period progressed from 5th to
the 25th days respectively. Counts of F. compacticum,
Alternaria sp. and A. niger increased from the 5th to the
15th day, remained constant on the 20th day and then

dropped on the 25th day of incubation while counts of
A. tamarii, P. oxalicum and A. terreus increased from
the 5th to the 20th day and finally dropped on the 25th
day of incubation. A. niger had the highest count of
6.00×104 cfu/g on the 15th and 20th days of incubation,
while P. oxalicum and F. compacticum had the lowest
count of 1.10×104 cfu/g on the 5th day of incubation.
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Figure 19. Changes in viable counts of identified fungal species during growth on xtravest. ANOVA values are significantly
different at P<0.001

Statistical analysis showed that with increase in days
of incubation, changes in fungal counts of the fungal
isolates on gramoxone were significant (P<0.009,
P<0.001, P<0.006, P<0.10 and P<0.002) from the 5th
to the 25th days of incubation respectively (Figure 20).
Counts of fungal isolates, A. terreus, A. tamarii, A.
niger and F. oxysporum, increased from the 5th to the

15th day and then dropped from the 20th to the 25th day
of incubation. F. oxysporum recorded the highest
fungal count of 5.00×104 cfu/g on the 15th and 20th days
of incubation. F. oxysporum also recorded the lowest
fungal count of 1.00×104 cfu/g on the 5th day of
incubation (Figure 20).
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Figure 20. Changes in viable counts of identified fungal species during growth on gramoxone.
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from the 5th to the 15th days of incubation, remained
constant to the 20th day and the dropped on the 25th day
of incubation. A. tamarii had the highest dry-weight
value of 0.006g at the 15th and 20th days of incubation,
during growth on glyphosate (Figure 21), while on the
5th day of incubation A. terreus had the lowest dryweight value of 0.002g.

DRY-WEIGHT (g)

Results of analysis of variance showed that there was
no significant difference (P≥0.05) in the fungal dryweight values of each fungal isolate at the 5th, 10th, 20th,
and 25th days of incubation respectively. However
there were significant differences (P≤0.05) in dryweight values of the fungal isolates on the 15th day of
incubation (Figure 21). During the utilization of
herbicides for growth dry-weight values increased
0,007
0,006
0,005
0,004
0,003
0,002
0,001
0

A. niger
A. tamarii
A. terreus
R. nigricans
5TH

10TH

15TH

20TH

25TH

F. oxysporum

DAYS OF INCUBATION
Figure 21. Changes in dry-weights of identified fungal species during growth on glyphosate.

ANOVA results showed that there were insignificant changes (P≥0.05) in dry-weight values of the fungal isolates
from the 5th to the 25th days of incubation respectively (Figure 22). Meanwhile on the 25th day of incubation,
there was significant change (P≤0.05) in dry-weight values of the fungal isolates. A. niger recorded the highest
dry-weight value of 0.006g at the 20th day of incubation (Figure 22) during growth on atrazine A. terreus had the
lowest dry-weight value of 0.002g at the 25th day of incubation on atrazine.
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0,003
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0,002
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0,001
0
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25TH

DAYS OF INCUBATION
Figure 22. Changes in dry-weights of identified fungal species during growth on atrazine

In Figure 23, ANOVA results showed that there were
significant changes (P≤0.05) in dry-weight values from
the 5th to the 20th days of incubation respectively while
on the 25th day of incubation there was no significant
change (P≥0.05) in dryweight values of the fungal

isolates. P. oxalicum had the highest dry-weight value
of 0.007g on the 20th day of incubation on xtravest,
while F. compacticum and A. terreus had the lowest
dry-weight value of 0.001g at the 5th day of incubation.
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Figure 23. Changes in dry-weights of identified fungal species during growth on xravest.

DRY-WEIGHT (g)

Statistical analysis showed significant changes
(P≤0.05) from the 5th to the 20th day respectively. On
the 25th day there was no significant change (P≥0.05)
in dry-weight values of the fungal isolates (Figure 24).
A. niger and F. oxysporum recorded the highest dry0,007
0,006
0,005
0,004
0,003
0,002
0,001
0

weight value of 0.006g at the 15th day of incubation
during growth in gramoxone, while A. terreus and A.
tamarii had the lowest dry-weight value of 0.002g at
the 5th day of incubation.

A. terreus
A. tamarii
A. niger
F. oxysporum
5TH

10TH

15TH

20TH

25TH

DAYS OF INCUBATION
Figure 24. Changes in dry-weights of identified fungal species during growth on gramoxone.

The isolation of bacteria (P. florescences, P. putida, P.
aeruginosa and P. fluorescens, Bacillus, B. subtilis, B.
cereus, Actinomyces viscous, Actinomyces bovis,
Actinomyces eriksonii, Actinomyces sphaerophorum,
Norcadia sp., Norcadia farcinica, Streptomyces
ambofaciens and Streptomyces faecalis) and fungi (A.
niger, A. tamarii, F. oxysporum and P. chrysogenum),
from the herbicide treated soils, on minimal salt media
is an indication of the adaptation of the indigenous
microbial flora to the herbicide treated environments,
their ability to utilise the herbicides as carbon source
and their consequent biodegradation ability. Several
works have reported that native microorganisms from
soil and sediment are capable of degrading pesticides
(22). Chirnside et al. (23) studied indigenous microbial
consortium isolated from contaminated soils to
determine its potential to degrade atrazine and
alachlor. The result obtained in this study was also

consistent with the report of Moneke et al. (21) which
stated that twelve bacterial isolates were initially
isolated from rice field samples, which had been
previously exposed to glyphosate based formulation
(Roundup) for long periods of time. The twelve
bacteria isolates were able to grow in the presence of
glyphosate as sole phosphorus source. On further subculturing on solid media enriched with glyphosate,
only five showed the capacity to grow in the presence
of the herbicide. The five bacterial isolates were
identified as Acetobacter sp., Escherichia sp., P.
fluorescens, Azotobacter sp., and Alcaligenes sp.
Whitelaw-Weckert et al. (24) isolated Pseudomonas
spp. from glyphosate, diquat, paraquat and
carfentrazone-ethyl treated soils. Similar to what was
obtained in this study; Filimon et al. (25) reported the
prevalence of the following Streptomyces species in
their herbicide treated soil samples: Streptomyces
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aureus, Streptomyces albus and Streptomyces
chrysomallus. Many studies (26; 27; 28) have also
shown that bacteria and fungi like: Arthrobacter,
Pseudomonas, Bacillus, Actinomycetes, Mycoplana,
Agrobacterium, Corynebacterium, Flavobacterium
and
Norcadia
are
herbicide
degrading
microorganisms.
Although bacteria are considered to be most important
group in herbicide degradation, also fungal species
have been discovered in soil, with important
biodegradation role (25). Thus, fungi species plays an
important role in glyphosate degradation, Mucor,
Fusarium, and Trichoderma strains seems dominant in
degradation of these herbicide, using glyphosate as
source of C, N and P (29;30). Ayansina and Oso (18)
isolated A. flavus, A. niger, Penicillum sp, and
Trichoderma sp., from atrazine and Atm (atrazine +
metolachlor) treated soils.
The bacterial and fungal isolates used in the
determination of the time utilisation of the herbicides
showed appreciable growth in culture medium
containing the herbicides as carbon source. The
differences observed in the growth of the isolates in the
media are indications of the differences between the
organisms in tolerating the herbicides. The observable
differences in the lag and stationary phases also
indicates the differences in the abilities of the test
indigenous microorganisms to biodegrade the
herbicides. This study showed that the bacterial and
fungal isolates grew maximally on all the herbicides
especially Bacillus subtilis which completely utilised
atrazine and xtravest in culture recording the highest
viable counts and optical density. Similar report was
obtained by Dibua et al. (31); they stated that in their
experiment the efficient utilization of the medium by
Bacillus subtilis was apparent. A very sharp increase in
growth rate with correspondingly sharp decline in pH
of the medium was observed following 24 h
incubation. In spite of the normal microbial growth
curve, however, there was no apparent lag phase: a
peak in the growth occurred at 72 h of incubation,
followed by a long stationary phase, a decline phase
after 192 h of incubation at a pH of 3.7.
Meanwhile of all the fungal isolates used in this study
F. oxysporum and A. niger showed the best abilities to
utilise the herbicides because they grew maximally on
all the herbicides recording the highest fungal counts.
According to Adelowo et al. (32), the isolated fungi
species (Trichoderma viride, A. niger, and F.
oxysporum) were able to grow in glyphosate enriched
medium. Trichoderma speccy showed the highest
growth population (with maximum absorbance of
2.40), while A. niger showed the lowest growth

population (with maximum absorbance of 0.60). The
rate of growth of T. viride in glyphosate enriched
medium was compared with culture medium
containing no glyphosate through spectrophotometric
analysis. It was observed that the rate of growth of
fungus was more rapid in glyphosate enriched culture
medium than in culture medium containing no
glyphosate. The population of all the fungi isolates
increased initially. The increasing trend continued
within six to seven days and decreased thereafter. All
these were pointer to the fact that fungi species could
utilize glyphosate for their growth.
The growth profiles have shown that none of the
bacterial and fungal isolates exhibited lag phases,
because the microorganisms used in this study are
indigenous to the soil from which they were obtained
and consequently have adapted to the herbicides used
in treatment. Bacterial and fungal consortiums were
able to utilise the herbicides better than each of the
identified bacterial and fungal isolates. In the work of
Moneke et al. (21), of the seven bacterial species they
identified, two (Acetobacter sp. and P. fluorescens)
were selected for further biodegradation studies based
on their short lag phase and rapid utilisation of
glyphosate. Martins et al. (33) reported the ability of
Klebsiella pneumonia pneumonia GC s. B strain1,
Pseudomonas alcaligenes, Enterobacter aerogenes
GC s.A and Klebsiella pneumonia pneumonia GC s. B
strain 2 to utilise metolachlor with Pseudomonas
alcaligenes demonstrating the fastest bacterial growth
rate in a selective medium than in a rich culture
medium. Metolachlor degradation rate yield was far
superior to that shown by alachlor, another acetanilide
compound (34).
The pH values produced by all the bacterial and fungal
isolates in culture media reduced significantly,
signifying the production of acidic metabolites. The
pH values of the fungal isolates used in the herbicide
utilisation experiment showed lower pH values than
those of the bacterial isolates. The fungi F. oxysporum
recorded the lowest pH of 4.5 in gramoxone. The
reduction in pH of the culture fluids in the
experimental flasks within the incubation periods
further confirmed chemical changes of the herbicide
substrates which must have been precipitated by
microbial enzymes. Dibua et al. (31) also reported
similar observations.
Conclusion
B. subtilis, F. oxysporum and A. niger showed the best
abilities to utilise the herbicides for growth and as
carbon source. Indigenous microorganisms used in this
study successfully utilised the herbicides as carbon
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source and for growth. Hence the indigenous
microorganisms could be employed in the
bioremediation of herbicide polluted soils. The
ultimate success of bioremediation is dependent on
microorganisms staying in close physical contact with
substance to be degraded. The key to increasing the
rate of biodegradation of herbicides in the soil is to
optimise the growth rate of indigenous soil degrading
micro flora.
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Abstract

Article info

Polo-like kinase 1 (PLK1) regulates various steps of mitosis and aberrantly expressed in several
tumor types. As elevated levels of PLK1 contributes to tumorigenesis and poor prognosis,
specific inhibition of PLK1 has garnered increasing attention in recent years in anticancer
studies. The objective of this study was to examine cytotoxic, apoptotic, and DNA-damaging
potentials of SBE13, a PLK1 inhibitor, against MDA-MB-231 breast cancer cells. The
regulatory efficacy of SBE13 on cell cycle arrest was also determined. Cytotoxicity of SBE13
was assessed via XTT assay. Apoptosis, cell cycle distribution, and DNA damage response
were also examined using the flow cytometry assay. The results revealed that SBE13 had a
dose-dependent cytotoxic effect in MDA-MB-231 cells. This compound has also induced cell
cycle arrest at the G2/M point and significantly promoted apoptosis and DNA damage response
in MDA-MB-231 cells. Collectively, these data pointed out that SBE13 can be regarded as a
suitable candidate for the therapy of breast cancer. However, further studies are required to
consolidate the anticancer activity of SBE13.
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1.

Introduction

Cancer remains the second leading cause of death.
Despite new advancements in its diagnosis and
management, it contributes to important
morbidities and mortality in patients [1]. Although
there are many treatment modalities in cancer
therapy, chemotherapy remains to be a popular
treatment strategy. However, it is often related to
significant adverse effects; therefore, the
development of effective and especially targetedanticancer agents is an important prerequisite for
successful and satisfactory chemotherapy [2].
Globally, breast cancer the most frequently
diagnosed malignancy in the woman. Despite
recently introduced chemotherapeutic agents,
resistance development of breast cancer cells
continues to be an important contributor to
treatment failure. Thus, more effective and novel
strategies considering different signal transduction
pathways to improve the success of chemotherapy
and to reduce drug resistance are required for
breast cancer treatment [3].

Keywords:
PLK1 inhibition,
SBE13,
Breast Cancer,
Apoptosis,
DNA damage.

Polo-like kinases (PLKs) are ser/thr kinases playing
critical roles in mitosis and DNA damage response. In
humans, PLKs consist of five isoforms, among these
isoforms, PLK1 is the best characterized and the most
widely studied in cancer pathogenesis. Normally,
PLK1 is moderately expressed in normal cells during
mitosis and plays a vital role in the mitotic processes
such
as
spindle
formation,
centrosome
maturation/separation, chromatid separation, and
cytokinesis execution [2, 4]. Moreover, its
overexpression has been detected in a wide range of
cancers such as head and neck, non-small cell lung, and
esophageal cancers [5]. Additionally, increased
expression of PLK1 has been strongly correlated with
worse prognosis and thus, PLK1 seems to be
considered as a suitable target for chemotherapeutic
agents.
To date, several PLK1 inhibitors such as GSK461364,
BI 2536, and RO3280 have been developed and
investigated as potential anticancer drugs and they
have shown promising results in cancer cells. Many
studies have also presented that depletion of PLK1
causes decreased cell viability, DNA damage response,
cell cycle arrest, and finally apoptosis in tumor cells [6,
7, 8]. One of these inhibitors is SBE13 and this PLK1specific inhibitor demonstrated anticancer effects in
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several tumor cells with EC50 values ranging from 5
μM to 39 μM and caused apoptosis [9].
In the light of the above-mentioned observations
regarding PLK1 inhibition, the current study was
conducted to explore the cytotoxic actions of SBE13
against breast cancer cell line MDA-MB-231.
Although it is known that SBE13 exhibits an
anticancer effect on various human cancer cell types,
the anticancer potential of this compound in many
tumor cells including MDA-MB-231 has not been
elucidated yet. Therefore, in this work, SBE13 was
selected as a study compound.

2. Materials and Methods
2.1. Cell culture
Human breast cancer cell line MDA-MB-231 (ATCC,
HTB-26) was obtained from ATCC and cultured in
DMEM
(Gibco
Thermo
Fisher
Scientific)
supplemented with 10% fetal bovine serum (SigmaAldrich) and 50 U/mL penicillin/streptomycin (SigmaAldrich). The cells were incubated at 37°C within a 5%
CO2 humidified atmosphere.
2.2. Cell viability assay
The stock solution of SBE13 (Cayman) was prepared
in DMSO at a final concentration of 10 mM. Cell
viability was examined by a standard XTT assay
(Roche Diagnostic) after 48 h incubation as described
previously [2]. Briefly, cells were treated with various
concentrations (1, 2.5, 5, 10, 20, and 40 µM) for 48 h.
Then XTT assay was performed. All the experiments
were done in triplicate and the cell viability was
evaluated as viable cell amount percent compared to
control cells. The half maximal inhibitory
concentration (IC50) value of SBE13 in MDA-MB-231
cells was determined using the Graph Prism 7
software.
2.3. Cell cycle analysis

2.4. Annexin V binding assay
Initially, MDA-MB-231 cells were plated into six-well
plates and incubated for attachment. The cells then
were exposed to SBE13 at IC50 concentration and
incubated for 48 h. The cells were harvested, incubated
with Muse™ Annexin V & Dead Cell kit reagent, and
the manufacturer’s protocol were followed. Four
different populations were monitored by using
Annexin V and/or 7-AAD positivity on Cell Analyzer
(Muse, Millipore): Live, early apoptotic, late
apoptotic, and dead.
2.5. DNA damage assay
MDA-MB-231 cells were exposed to SBE13 at the
IC50 concentration for 48 h and the induction of ATM
and H2AX was assessed by Muse Multi-Color DNA
Damage kit (Merck Millipore) according to the report
in our previous study [2].
2.6. Statistical analysis
Data obtained from the experiments were expressed as
the mean ± standard deviation. Kruskal-Wallis
ANOVA test with post hoc Dunn’s test or MannWhitney test were used as appropriate to compare the
variables measured after SBE13 exposition versus
controls. Targeting of PLK1 activity through SBE13
counteracts cell viability of MDA-MB-231 cells

3. Results
3.1. Targeting of PLK1 activity through SBE13
counteracts cell viability of MDA-MB-231 cells
The cytotoxicity of the PLK1 inhibitor SBE13 has
been evaluated in MDA-MB-231 cells. The cells were
exposed to diverse concentrations of SBE13 (0-40 µM)
for 48 h and its antiproliferative effect was evaluated
using the XTT assay. Cell viability results are
represented in Figure 1 and it has been shown that
SBE13 has a dose-dependent inhibitory effect at 48 h
when compared to the untreated cells (P < 0.01).

We assessed the cell cycle distribution by Muse Cell
Cycle Assay Kit (Merck Millipore) according to the
guideline of the producer. Before incubating for
attachment, 5 × 105 MDA-MB-231 cells were plated
into six-well plates. After confirmation of attachment,
the cells were exposed to SBE13 at IC50 concentration
and incubated for 48 h. The cells were then washed
with phosphate‑buffered saline (PBS) and fixed in 1
mL cold 70% (v/v) ethanol. Later, the fixed cells were
washed once with PBS, and incubated with 200 μL of
assay solution for 30 min in the dark at room
temperature. Finally, different cell cycle stage (G0/G1,
S, and G2/M) percentages of the cells were calculated
by Muse Cell Analyzer (Millipore).
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in the percentage of the G2/M cell by 49.8±1.10% in
the SBE13 treated group when compared with
untreated control (36.5±1.12%) (P < 0.01). Moreover,
while SBE13 treatment increased the G0/G1
population, it decreased the S population (P < 0.01) as
presented in Figure 2.
3.3. SBE13 induces apoptosis in MDA-MB-231 cells

Figure 1. Cell viability percentages of MDA-MB-231 cells
were treated with SBE13 at concentrations from
1 to 40 μM for 48 h, measured with XTT assay.
Data are presented as mean with a standard
deviation of the three replicates. **Significantly
different when compared to cell viability of
control cells (P<0.01).

The effect of SBE13 on the induction of apoptosis in
MDA-MB-231 cells was also assessed by the Annexin
V binding analyses via flow cytometry. According to
the results, SBE13 treatment significantly promoted
the early and late apoptotic cell population when
compared to the control cells (P < 0.01).

The IC50 value of SBE13 was recorded as 15.7 μM for
48 h in MDA-MB-231 cells and this concentration was
used for the subsequent experiments.
3.2. SBE13 induces cell cycle arrest in MDA-MB231 cells
Next, to determine the cell cycle distribution effect of
SBE13 in MDA-MB-231 cells, cell cycle assay was
done and the results are displayed in Figure 2.

Figure 3. Cell population rate of MDA-MB-231 cells
presenting apoptotic effects of SBE13 after
exposed to the IC50 value of SBE13, determined
with Annexin V assay. All experiments were
performed as at least three replicates.
**Significantly different when compared to cell
population rate of untreated cells (P < 0.01).

Figure 2. Regulatory effect of SBE13 on cell cycle
progression. The MDA-MB-231 cells were
treated with SBE13 with IC50 value of 15.7 μM
for 48 h and the cell population rates are
presented as mean with a standard deviation of
three replicates. **Significantly different when
compared to cell population rate of untreated
cells (P < 0.01).

The MDA-MB-231 cells were exposed to 15.7 μM of
SBE13 and the results indicated a significant increase

As visible in Figure 3, the early and late apoptotic cell
population % in untreated cells (2.15±1.46%,
6.77±1.01%, respectively) significantly increased to
10.58±1.79% and 26.53±2. 75%, respectively, in
SBE13 administered group (P < 0.01).
3.4. SBE13 induces DNA damage response in MDAMB-231 cells
Subsequently, to clarify SBE13 treatment on DNA
damage response in MDA-MB-231 cells, the cells
were treated with IC50 concentration of SBE13 for 48
h, and then the Muse DNA damage assay was
performed. According to the results SBE13 treatment
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markedly induced DNA damage response in MDAMB-231 cells when compared to untreated cells.

Figure 4. DNA damage response rates of MDA-MB231cells administered SBE13 with IC50
concentration for 48 h, determined with
activation of ATM and H2AX. Data are
expressed as mean with standard deviation, *P
< 0.05, **P < 0.01.

Figure 4 showed that percentage of DNA doublestrand breaks (pATM+pH2AX+) and single-strand
breaks (pATM+pH2AX-) in untreated cells
(1.19±1.50%, 3.68% ±1.27, respectively) increased to
10.30±2.71% and 7.45%±3.20, respectively, in SBE13
treated group (P < 0.01). DNA damage data also
suggested that SBE13 possess a genotoxic efficacy on
MDA-MB-231 cells.

4. Discussion
In the present study, a series of experiments were
performed to evaluate the cytotoxic and apoptotic
effects of SBE13 on MDA-MB-231 cells representing
breast cancer. Furthermore, the DNA damage response
of SBE13 was examined. The cytotoxicity experiments
showed that SBE13 treatment significantly suppressed
cell viability. Flow cytometry studies also revealed that
SBE13 treatment induced cell cycle arrest at the G2/M
phase, induced apoptosis, and caused DNA damage to
MDA-MB-231 cells. For the first time, overall, these
findings suggest that SBE13 has significant anticancer
effects in MDA-MB-231 cells.

In many cancer cell types, pharmacologic perturbation
of PLK1 activity via selective inhibitors induces cell
death through apoptosis and this makes PLK1 a
fascinating anticancer drug target. In this context,
numerous studies have reported the anticancer effects
of PLK1 inhibition in solid tumors and hematologic
malignancies. Keppner and coworkers [10] analyzed
anticancer effects of SBE13 in different cancer cell
lines and according to their results, SBE13 exhibited
cytotoxic effect in a dose-depended manner in HCT15, MCF-7, BT-474, A431, SK-OV-3, and HeLa
cancer cell lines. Additionally, particularly high
concentrations of SBE13 caused cell cycle arrest at the
G2/M point and ultimately led to apoptosis. SBE13
treatment also caused abnormal mitotic figures in
HeLa cell lines. Similarly, it has been demonstrated
that SBE13 treatment significantly reduced the cell
viability of HeLa cells [11]. In another study, Lange
and colleagues [12] explored whether SBE13 and
PCKβ inhibitor enzastaurin acted synergistically to
suppress the growth of diverse tumor cells such as
HeLa, MCF-7, hTERT-RPE1, HCT116p53wt, and
HCT116p53-/-. In that study, SBE13 and enzastaurin
showed synergistic effects on the cancer cell lines
excluding hTERT-RPE1. Furthermore, it has been
revealed that combination of SBE13 and enzastaurin
enhances the apoptosis in HeLa cells when compared
to enzastaurin alone.
In the literature, many studies examined the anticancer
efficacy of various PLK1 inhibitors such as BI 6727,
RO3280, BI2536, and GSK461364A [13]. In our
previous study [2], we have revealed that RO3280 has
significant anticancer effects on breast cancer cell line
MCF-7 and that RO3280 suppresses cell proliferation
through arresting cell cycle at G2/M point and causes
apoptosis by inducing total caspase levels and annexin
V binding. We also exhibited that RO3280 treatment
significantly decreases mitochondrial membrane
potential and increases DNA damage. Similarly, in the
current research on MDA-MB-231 cells, SBE13
displayed a significant anticancer effect in manners of
stimulating cell cycle arrest at G2/M point, inducing
DNA damage, and leading the cells to apoptosis. In a
similar fashion, it has been exhibited that depletion of
PLK1 activity through BI 2536 reduced proliferation
of A549, A427, and NCIH1299 cells. BI 2536 also
caused cell cycle arrest at the G2/M phase and
disorientation of centrosomes and mitotic spindles in
non-small cell lung cancer cells [8]. In a different study
on the same inhibitor, Wu et al. [4] examined whether
BI 2536 and cisplatin acted synergistically to inhibit
the growth of esophageal squamous cell carcinoma
(ESCC). Their results showed that combination of
BI2536 and cisplatin synergistically killed ESCC cells.
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Their further studies also exhibited that BI2536
treatment caused significant DNA damage and
disrupted the DNA damage repair in cisplatin-treated
cells both in vitro and in vivo. These results and our
findings showed that PLK1 inhibition causes
significant DNA damage. It has also been shown that
inhibition of PLK1 through BI6727 caused cell cycle
G2-phase arrest, induced apoptosis, and inhibited
migration of gastric cancer cells [14]. Another PLK1
inhibitor, TAK-960, was tested against multiple solid
and hematologic malignancies such as A2780, SW620,
HT-29, K562 and it was showed potent
antiproliferative activity in all tested cancer cell lines.
TAK-960 treatment also induced cell cycle arrest at the
G2/M phase and significantly suppressed the growth of
HT-29 colorectal cancer xenografts [15]. Recently,
other researchers examined the anticancer potency of
PLK1 inhibitor GSK461364A on glioblastoma
multiforme cell lines and found that PLK1 inhibition
arrested cells at the G2/M phase and caused significant
DNA damage. Their in vivo results also revealed that
PLK1 inhibition significantly reduced tumor volume
and enhance radiation sensitivity in glioblastoma
multiforme [16].
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5. Conclusion
Taken together, all the reports mentioned above
demonstrate that PLK1 plays a significant role in the
development and progress of human cancers and its
inhibition is specifically associated with reduced
proliferation of cancer cells. In accordance with the
findings of studies examined PLK1 inhibitors in
several cancer cell lines, SBE13, another PLK1
inhibitor, seems to have meaningful cytotoxic activity
via cell cycle arrest in breast cancer cell line MDAMB-231. SBE13 also provides DNA damage and
apoptosis in MDA-MB-231 cells. SBE13 may be
considered a promising anticancer agent for the
treatment of breast cancer. However, there is a need to
conduct further in vitro and in vivo studies to elucidate
the potential use of SBE13 for breast cancer treatment.
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Abstract

Article info

Carbon dots, due to their minimal size, non-toxicity, simple, cheap and easy synthesis; Among
the studies on nanostructured materials that have attracted attention in recent years; has
become a popular study topic for researchers. In this study, for the first time, Sumac was used
as a source of carbon, and carbon dots were obtained by using the hydrothermal synthesis
method in a one-pot reaction at 175 ° C for 8 hours without using any chemical reagents. The
characterizations of the obtained carbon dots were illuminated by various analytical
instruments (High-Resolution Transmission Electron Microscope (HR-TEM), X-ray
Diffractometer (XRD), Raman, Photoluminescence, Infrared, and Uv-vis spectrometer).
According to the TEM results, the average diameter of carbon dots was found as 10.48 nm.
The maximum emission peak of the carbon dots was monitored at 428 nm when excited at 350
nm. In the next step, the electrochemical properties of the carbon dots were examined by cyclic
voltammetry technique. According to cyclic voltammetry results, the substance transport on
the electrode surface by diffusion controlled.
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1.

Introduction

Sumac is the generic name of the Rhus genus
belonging to the Anacardiaceae family [1]. It is a small
tree that reaches 4 m. height, and it is commonly seen
in the Mediterranean areas and South-eastern
Anatolian areas of Turkey [2]. The sumac has been
used as traditional medicine and nutrient for centuries
[3–6]. The extracts of sumac contain various
biologically
active
components,
including anthocyanins, malic, citric, and tartaric
acids, and several kinds of phenolic substances [5, 7,
8]. Moreover, the chemical composition of sumac has
been investigated in terms of carbohydrate, protein,
mineral, and vitamin content [4]. Nowadays, the
treatment of some diseases with sumac and sumac
related materials has been studied [2, 8]. Therefore
sumac plays a critical role in different research areas,
and the increasing attention has been the focus on its
and associated applications.
Carbon nanoparticles with a spherical shape, minimal
diameter size, which chiefly includes oxygen,
hydrogen, and other elements, are identified as carbon
quantum dots (CQDs) and/or simple carbon dots (CDs)

Keywords:
Sumac,
Carbon dots,
Photoluminescence,
Cyclic Voltammetry

[9]. The application areas of CDs have been increasing
day by day. For instance, CDs are used in bio-imaging,
optoelectronics, catalysis, and sensing applications
[10, 11]. Considering only applications in the sensing
area, cation-anion, small and macro-molecule, cell and
bacteria, test paper, hydrogel, and fingerprint sensing
of CDs, which are separately significant fields in
sensing, have been investigated by researchers [12].
The reason behind attracting the interest of CQDs is a
carbon atom is an abundant element that implies cost
efficiency and its biocompatibility because of
nontoxic. Moreover, CQDs have unique structural and
electronic properties such as good water solubility,
tunable photoluminescence properties [13, 14].
Hydrothermal synthesis is one of the most popular
synthesis methods of carbon dots because of its
simplicity and cost efficiency [15][16], and the
characteristic of CDs partially depends on the used raw
carbon sources [15]. Various carbon sources; banana
juice [17], orange peel [18], cabbage [19], onion waste
[20], walnut shell [21], and rosemary leaves [22] have
been used to produce CDs.
In this study, we produced a rapid and straightforward
synthesis of CDs using sumac as a carbon source

*Corresponding author. Email address: mustafacesme@msn.com
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without the requirement of any chemical reactant and
agent.
The electrochemical properties of the
synthesized CQDs were explored. As far as we know,
the presented work is the first experimental study about
sumac derived carbon dots and also the investigation
of electrochemical properties of the synthesized carbon
quantum dots.

2.

Materials and Methods

2.1. Apparatus and reagents
XRD pattern of the sample was measured with Philips
X`Pert PRO XRD with Cu Kα radiation (λ = 0.154056
nm, set at 40 kV and 30 mA). The morphological
properties of prepared CQDs were observed by using
Transmission Electron Microscopy (JEOL JEM 2100,
UHR).
UV–vis
absorption
spectra
and
Photoluminescence (PL) spectrum were collected on
Shimadzu-1800 UV–vis spectrometer and Varian Cary
Eclipse spectrometer, respectively. Raman spectrum of
synthesized CQDs was investigated with a portable
Raman spectrometer (BWS465 B&W Tek Inc.,) with a
302 mW diode laser at 785 nm. Infrared spectroscopy

(FTIR) was carried out on a Perkin Elmer Spectrum
400 with a universal demountable cell mount for liquid
samples. The pH meters Thermo Scientific A215 used
for the pH measurements.
2.2. Synthesis of the c-dots
Sumac was chosen as a carbon source. The sumac
sample was sourced from a local convenience store
selling spice products, first washed several times with
tap water and deionized water. 50 ml Teflon-lined
stainless steel autoclave was used for hydrothermal
reaction, and synthesis parameters were set as 175 °C
for 8h. After the end of the reaction time, the thermal
autoclave was left to cool spontaneously at room
temperature. The obtained brown-black solution
mixture was filtered and subject to a centrifuge for 25
min at 14.000 rpm. The supernatant was refrigerated at
4 °C for experimentation and characterization
processes that would be carried out in later stages.
Typical colloidal solution of CDs contained 1
mg/1mL. Figure 1 illustrates the synthesis method and
the characterization of CDs.

Figure 1. Schematic representation of CDs derived from sumac by hydrothermal method.

2.3. Electrochemical procedures
In electrochemical studies, cyclic voltammetry
technique (CV), BAS 100 W electrochemical analyzer
was utilized. In all experiments, glassy carbon
electrodes were used as working electrodes. The
platinum wire electrode as an auxiliary electrode and
Ag/AgCl electrode as a counter electrode were also
utilized. An easy pretreatment was employed to the
glassy carbon working electrode in order to create a
repeatable electrode surface. Little quantity of
aluminum oxide (Al2O3) dust was positioned on a silky
polishing cloth particularly made for this electrode and
soaked with distilled water, and the electrode surface
was polished in a circular motion. On account of
confirming the best reproducibility, these pre-process
were replicated in several numbers, and the optimum

polishing count was determined. After the pretreatment, the polished electrode was washed with DI
water and then dried with a soft cleaning paper and
placed in to the glass cell. The platinum wire auxiliary
electrode and the Ag/AgCl reference electrode were
removed from the experiment cell after each
experiment, washed with distilled water, dried with
drying paper, and placed in the experiment cell. All
measurements were achieved at room temperature. 0.1
M phosphate buffer solution (PBS) at pH 7.4 have been
used as a supporting electrolyte. The amount of sample
in the electrochemical cell was arranged by completing
the final volume buffer solution to 10 mL to contain 1
mL of this colloid CDs solution.
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3. Results and Discussion
The morphological feature of synthesized CDs was
examined by TEM observation. According to the TEM
results given in Figure 2, the sumac-derived CDs were
monodispersed and spherical. The average diameter of
carbon dots was found as 10.48 nm from this figure.
Moreover, narrow size diameter distribution CDs also
clearly seen from this figure that implies the
synthesized carbon dots had a very similar
morphological structure.

Figure 3. XRD diffraction pattern of the CDs.

Figure 2. High-resolution transmission electron
microscopy image of sumac derived CDs.

The crystalline structure of the CDs was examined
with an XRD method. The XRD pattern of synthesized
carbon dots gave a broad diffraction peak centered at
23.5° and this wide diffraction peak of CDs
demonstrated that the obtained CDs particles were
mostly amorphous nature. Moreover, the peak also
related to layer spacing of the (002) plane of the
graphitic structure (Figure 3.) [9]. According to XRD
results; XRD pattern is in harmony with the similar
carbon dot studies [23, 24]. When the Raman
spectrum is examined (Figure.4), it has two distinct
and sharp vibration peaks at 1343 cm-1 (the irregular
network of sp2 carbon clusters) and 1538 cm-1
(graphitic (G) bands) [25].

Figure 4. Raman Spectra of the CDs.

The optical properties of the carbon dots synthesized
using the UV-vis spectrophotometer were examined,
and the spectrum was given in Figure 5. Uv-vis spectra
of CDs gave a broad absorption peak centered at about
278 nm that can be assigned to π-π* and n-π* transition
of conjugated C=O or C=C bond [26, 27]. The
photograph of Carbon dots under daylight and Uv light
is exhibited in Figure 5 inset. The color of CDs is
yellowish under daylight and bluish under the Uv light.

Figure 5. UV- Vis spectrum of CDs, the inset showing
photographs of the prepared CDs solution under
day light and Uv light.
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The excitation dependent photoluminescence emission
spectra of carbon dots synthesized from sumac as a
carbon source by hydrothermal methods were given in
Figure 6. It was observed that with increasing
excitation wavelength from 320 to 380, the emission
intensity of CDs was firstly increased and maximum
emission value was obtained at excitation wavelength
350 nm. At this point, the highest fluorescence

intensity was found as 428. After than increasing
excitation wavelengths results in a decrease in the
emission peak of CDs. This result implies that
changing excitation wavelength leads to tunable
emission spectra, and it is might be the source from
carbon core and supporting functional groups and
uniform and non-uniform sized CDs [13].

Figure 6. Excitation depended on PL spectra of synthesized CDs.

Infrared spectroscopy of the carbon dots proves the
presence of prominent functional groups in the C-dot
structure. As shown in Figure 7, The FTIR spectrum of
Sumac CDs characteristic absorption bands of shows
O-H vibration stretching and C-H bending peaks at
3432 and 2626 cm-1, respectively. In 1639 cm-1, C=O
vibration stretching peaks are observed. These
stretching peaks signal the existence of an sp2
hybridized honeycomb lattice of CDs [28].

The electrochemical properties of sumac-derived CDs
was examined by cyclic voltammetry technique after
chemical, and structural characterization was
performed
through
UV-vis,
Raman,
and
photoluminescence spectroscopy. The CV technique
has been worked cyclic between -2000 and +2000 mV
for the potential sweep. Different scanning rates (101000 mV/s) were used in order to understand and
interpret the substance (mass) transport to the electrode
surface. In scanning rate studies, measurements of up
to 1000 mV/s have been taken, but anodic peak current
has begun to disappear, especially at measurements
with an increasing scanning rate higher than 350 mV/s.
Figure 8 reveals the usual cyclic voltammograms (CV)
curves in 0.1 M PBS solution. As predicted, the CV
graphs show the prominent redox peaks. As shown in
the figure, peak currents increased gradually with
increasing scanning rates. For measurements taken at
100 mV/s; anodic peak current; 954 mV, cathodic peak
current is around -792 mV.

Figure 7. FTIR spectrum of CDs.
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Figure 8. The scan rate (10–300 mV/s) effect on peak current of CDs in 0.1 M PBS at pH 7.4

Graphs describing the relationship between peak
currents and scan rates shown in Figures 9 A and B
were obtained from the voltammograms of Figure 8.
The linearity of the peak current (Ip) depending on the
square root of the scan rate was obtained by the
electrode, demonstrating a diffusional behavior. These
relations are stated as equations below.
ipa (μA) = 4.759 ν1/2 (mVs-1) + 2.10, R2: 0.9939
ipc (μA) = 0.847 ν1/2 (mVs-1) + 3.63, R2: 0.9971
In similar scan rates; the effect of scan rates on peak
current were also analyzed with a graph of the

logarithm of peak current vs. scan rates logarithm that
gives a straight line. These linear relations were
acquired as follows (Figure 9);
logia (μA) = 0.3786 logv (mVs-1) + 0.9731, R2: 0.9937
logic (μA) = 0.2422 logv (mVs-1) + 0.7366, R2: 0.9861
According to these results, the relationship between the
logarithm of the potential scanning rates and the
logarithm of the peak current is between 0.37-0.24, and
these values are near to 0.5, which is the theoretical
value, that indicates the substance transport on the
electrode surface by diffusion (Figure 9 C, D). [29].

Figure 9. The linear relation between peak current and the square root of the scan rate; (A) anodic, cathodic (B), Plot of
peak current vs. log of scan rate; (C) anodic, cathodic (D)
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Eczac. Fak. Derg., 44 (2020) 61–69.

Conclusion
In the present work, we efficiently synthesized CDs
using a one-pot hydrothermal process, green and a
simple approach, using sumac, which is a widely
consumed spice. There is no study on sumac derivative
carbon dots has been found in the conducted literature
study until the we presented the article. The
morphological features of the CDs were characterized
by HR-TEM, and monodispersed spherical CDs with
an average diameter of 10.48 nm was found. The
crystalline structure of the carbon dots was
investigated by XRD technique. Additionally, the
optical properties of carbon dots were studied utilizing
Uv-vis and PL spectrometry. The electrochemical
properties of carbon dots results were obtained by
cyclic voltammetry technique, and two characteristic
peaks were determined from the measurements.
Finally, since carbon dots contain both their properties
before synthesis and after synthesizing, it has excellent
potential to be used as an essential source in future
studies, especially on bioimaging, biosensors, and drug
release.
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Abstract
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In this study, a carboxymethyldextran chip based sensor system is developed that selectively
recognizes and binds nerve agent molecules used in chemical weapons. Nerve agents fall under
the group of organophosphorus compounds and irreversibly inhibit the acetylcholinesterase
enzyme (AChE). In this study, parathion was used as an organophosphorus compound. The
effect of the parathion molecule on enzyme inhibition is similar to nerve agents. The first step
to be applied before CMD (Carboxymethyldextran) chip surface enzyme immobilization is the
surface activation. After the surface activation was completed, AChE enzyme solution was
passed over the chip surface for 40 minutes. In this way, enzyme immobilization was
performed on the chip surface and a surface selective to the parathion molecule was obtained.
Analysis was performed for parathion samples in different concentrations in the range of
3.43x10-8-6.86x10-4 mol/L. When the analysis results were transferred to the calibration graph,
a graphic close to the linear was obtained. The working range of the chip surface developed
as a result of the analyzes was calculated as 3.43x10-8 - 6.86x10-4, the limit of detection (LOD)
value was 3.79x10-8 and the limit of quantification (LOQ) value was 6.16x10-8. These results
show that samples containing parathion at very low concentrations can be analyzed using the
method we have developed.
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1.

Introduction

Molecular structures of both insecticides and nerve
agents are based on organophosphorus compounds [13]. Organophosphorus compounds show negative
effects on the nervous system. Due to their oil
solubility properties, they can be absorbed by the skin
[4-8]. The most lethal effects of these types of
compounds occur when they are taken into the body by
inhalation. Apart from inhalation, they can also be
absorbed through the mucous membranes, eyes and
skin. [9]. This group of chemicals is most commonly
used in pesticides, insecticides, acaricides, etc. They
are used commercially and can be easily obtained
commercially [3,10]. The general chemical structures
of organophosphorus compounds are as follows; The
center of the molecule has a phosphorus atom, and the
phosphorus atom can double bond with oxygen or
sulfur. R1-R2 in the general chemical structure
represents hydrogen, alkyl (including cyclic structure),
aryl, alkoxy, alkylthiole and amino groups [11,12,2]. X
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represents halogens, cyano and thiol groups and
inorganic-organic acids. The general chemical
structure of organophosphorus compounds is as shown
in Figure 1 [13].

Figure 1. Chemical structure of organophosphorus
compounds

AChE enzyme is a serine hydrolase which is a member
of esterase family. The role of the acetylcholinesterase
enzyme in the body is to terminate the signal
transmission by hydrolyzing acetylcholine on the postsynaptic membrane. In this way, it ensures the
autonomic nervous system to function properly.
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The acetylcholine molecule is the first identified neural
stimulating molecule. It is an ester of choline with
acetic acid. The acetylcholine molecule is hydrolyzed
by AChE, and choline and acetic acid are broken down
[1,14]. The breakdown of the acetylcholine molecule
in the nerve cells by the enzyme acetylcholinesterase
(AChE) is shown in Figure 2. The gene encoding the
enzyme acetylcholinesterase is located in the q22
region of the 7th chromosome in the human gene
D

structure. It is a monomer weighing 60,000 daltons. It
is a molecule in the form of a dimer or tetramer,
consisting of 12 curved, center-mixed beta sheets,
surrounded by a 14 alpha helix of 45x60x65 A °,
similar to the ellipse. It contains alpha/beta protein
with 537 amino acid content. There is aspartic acid
(Asp) 1 at the N terminal of the series and 537 at the C
terminal [1,14,15].

nin N terminalinde a
Figure 2. The breakdown of the acetylcholine molecule in the nerve cells by the enzyme acetylcholinesterase (AChE) [1]

When a molecule belonging to the organophosphorus
group enters the body, acetylcholine is bound to the
esterase enzyme. This binding event takes place over
the serine amino acid on the enzyme [8]. The
interaction
of
AChE
enzyme
with
an

organophosphorus compound takes place in two steps.
Reversible inhibition occurs in the first step and
irreversible inhibition occurs in the second step.
Another name for irreversible inhibition is aging [1416]. This event is shown in Figure 3.

Figure 3. Inhibition reaction [1]

Parathion is a widely used, highly toxic
organophosphorus insecticide. It was synthesized for
the first time in 1940. Its chemical formula is
C10H14NO5PS and its molecular weight is 291.3 g/mol.
Parathion affects the nervous system by inhibiting

acetylcholinesterase enzyme. The first physical
symptoms after exposure to parathion are poor vision,
vomiting, abdominal pain, severe diarrhea, loss of
consciousness, tremors, shortness of breath.
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Paration and similar organophosphorus pesticides
cause hundreds of thousands of poisonings per year
[23, 24]. The molecular structure of the parathion is
given in Figure 4.

Figure 4. Chemical structure of parathion

Figure 5. CMD chip [17]

Reflectometric interference spectroscopy is a method
of determination that does not need labeling based on
multiple reflections of white light over a thin surface.
Biochips used in this method have a glass surface. A
typical chip example is given in Figure 5.

The glass surface of the chip makes it easier to connect
functional groups. When the analyte interacts with the
ligand immobilized on the chip surface, the thickness
of the chip surface increases, resulting in a change in
the spectrum. Antigens, antibodies, proteins, peptides,
nucleic acids, aptamers can be immobilized as ligand
on the chip surface [17]. Ligand immobilization and
interaction with analyte on glass surface is shown in
Figure 6.

Figure 6. The use of glass biochip, (a) ligand immobilized biochip (b) analyte-interacted biochip [17]

After chemical modification to the glass surface,
analyte molecules attached to the surface increase the
surface thickness and as a result, a change in the
refractive index occurs. This situation is shown in

Figure 7. The change in the optical thickness causes
changes in the interference spectrum. In this way, the
binding behavior of the analyte molecule is monitored.

Figure 7. The interaction of glass biochip with analyte and its thickness increase [17]

When analyte molecules begin to bind to the surface of
the biochip, signal increase occurs in the reflectometric
interference spectrometer device. This process, in
which the signal increases, is called the process of
attachment. After the sample analysis is finished, the

step of removing analyte molecules attached to the chip
surface is proceeded. This process is called the
separation process. Regeneration is called by removing
all analyte molecules bound from the chip surface and
returning to the state before analysis.
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In this study, CMD (carboxymethyldextran) chipbased sensor is developed that selectively recognizes
and binds the parathion molecule. The literature has
been examined in order to evaluate the performance of
the developed sensor. When the previous studies on the
analysis of parathion were examined, it was seen that
many studies benefited from the hydrolysis of
organophosphates and the changes in the result of
hydrolysis form the basis of the analysis [18-21]. In our
study, the optical changes caused by the binding of the
parathion to the surface of the chip were used. With the
technique we have developed, analysis of parathion
samples at lower concentrations can be performed. In
addition, the chip surface is suitable for regeneration,
resulting in high repeatability.

2. Materials and Methods
2.1. Apparatus
All chemicals used in the studies were obtained from
Sigma-Aldrich (St. Louis, USA). Thermo Scientific
Barnstead ™ Smart2Pure ™ pure water device was
used to obtain pure water. The conductivity of the pure
water used is 18 megaohmcm-1.
2.2. CMD (Carboxymethyldextran) chip surface
activation

The washing chip was first installed in the RIfS device.
The device was washed with distilled water for 10
minutes. Afterwards, the system was washed with
buffer for 10 minutes by placing the HEPES ((4- (2hydroxyethyl) -1-piperazineethanesulfonic acid)
buffer prepared instead of pure water [17]. After the
washing process with pure water and buffer was
completed, the washing chip was removed and the
CMD chip to be immobilized was placed. Rate was set
to 5 µL/min and HEPES buffer was passed through the
chip surface for 10 minutes to pass through two
channels. After the buffer transition, measurement was
made to determine whether there are air bubbles in the
system. After determining there is no problem in the
system as a result of the measurement, 70 µL of the
solution prepared from 0.1 M N-hydroxysuccinimide
(NHS) and 0.1 M 3-dimethyllaminopropyl-N′ethylcarbodiimide (EDC) in a ratio of 1:1 was placed
in the device. Since air bubbles are not desired in the
system, it has been paid attention to dip the cable to the
bottom of the ependorph. Solution flow was started by
setting the flow rate to 5 µL/min. Surface activation is
performed by passing the NHS/EDC solution through
the chip surface. Schematic representation of the
surface activation is presented in Figure 8.

Figure 8. Schematic representation of the surface activation of the CMD chip [17]

2.3. AChE immobilization to the CMD chip surface
After surface activation was completed, 100 µL of 1
ppm AChE enzyme was prepared. The prepared
solution was taken to the ependorph and placed in the
inlet no 2 in the RIfS device. Flow rate was set at 5
µL/min and volume at 200 µL. The solution flow was
made to pass through a single channel. Thus, the
enzyme is not immobilized to a part of the chip surface,
thus providing reference surface formation. Under
these operating conditions, the enzyme solution was
passed over the chip surface for 40 minutes. After
completion of the enzyme passage, 70 µL of

ethanolamine solution was taken and placed in the inlet
3. The solution was passed through the chip surface by
adjusting the flow rate to 5 µL/min and the volume to
70 µL. After the end of the immobilization process, it
was decided whether the immobilization was realized
by examining the change in the basic signal.
2.4. Application of Parathion solutions to the chip
surface
After AChE enzyme immobilization was performed on
the chip surface, analysis of parathion solutions at
different concentrations was made. The enzyme
immobilized chip was inserted into the device in the
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measuring position before the measurement was
started. The HEPES buffer was passed over the chip
surface at a flow rate of 10 µL / min for 10 minutes.
The system was switched from manual mode to
automatic mode by adjusting the buffer flow rate to 10
µL / min. 200 µL of parathion solution was placed at
the inlet 1. 50 µL glycine was placed in the inlet 2 and
50 µL HCl solution was placed in the inlet 3. Thus
regeneration was made. In this way, measurements
were taken for different analyte concentrations.

3.1. Taking sensogram of AChE immobilized CMD
chip
When the AChE enzyme is bound to the chip surface,
an increase in the sensogram obtained is expected as
there will be a change in the refractive index of the
surface. The increase will show that the
immobilization process has taken place. Therefore, the
sensogram of the CMD chip was taken during the
immobilization of the AChE enzyme. The sensogram
obtained is as shown in Figure 9.

3. Results and Discussion

.
Figure 9. Sensogram obtained by AChE enzyme immobilization

The increase in the sensogram obtained showed that
enzyme immobilization to the chip surface was
successfully performed.
3.2. Spectrums of parathion solutions in different
concentrations
Electrostatic interactions between chemical species
vary depending on the pH of the aqueous solution. In
the extraction experiments, the interaction between the

analyte and the selected chemical medium should be
high.
Different concentrations of parathion solutions were
applied to the prepared AChE immobilized CMD chip
surface. The sensograms obtained after applying 0.01200 ppm parathion solutions to the chip surface is
shown in Figure 10-18.

Figure 10. Sensogram of 0.01 ppm parathion solution
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Figure 11. Sensogram of 0.1 ppm parathion solution

Figure 12. Sensogram of 1 ppm parathion solution

Figure 13. Sensogram of 10 ppm parathion solution
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Figure 14. Sensogram of 50 ppm parathion solution

Figure 15. Sensogram of 75 ppm parathion solution

Figure 16. Sensogram of 100 ppm parathion solution
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Figure 17. Sensogram of 150 ppm parathion solution

Figure 18. Sensogram of 200 ppm parathion solution

3.3. Plotting the calibration graph of parathion as a result of RIfS measurements
The measurement results obtained for the samples of Parathiona in different concentrations are shown in Table 1
collectively.
Table 1. Measurement results for Parathion solutions
ppm(mg/L)

Concentration (mol/L)

-log (C)

IU

0.01
0.1
1
10
50
75
100
150
200

3.43x10
3.43x10-7
3.43x10-6
3.43x10-5
1.72x10-4
2.6x10-4
3.43x10-4
5.14x10-4
6.86x10-4

7,46
6,46
5,46
4,46
3,76
3,58
3,46
3,29
3,16

9,1
49
97
148
182
197
202
214
221

-8

The calibration plot drawn according to these measurement results is given in Figure 19.
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Figure 19. Calibration graph of parathion samples in different concentrations

A linear relationship was observed in the
reflectometric interference spectroscopy up to
6.86x10-4 mol/L, the highest concentration of parathion
studied for the calibration line. The correlation
coefficient was found to be 0.9968. In order to
calculate LOD and LOQ, blank solutions were
prepared and 5 different measurements were taken.
The average of the measured results was calculated as
6 and the standard deviation as 1.45. LOD and LOQ

values were used by using the standard deviation value
found. As a result of the calculations, the LOD value
was found to be 3.79x10-8 M and the LOQ value was
6.16x10-8 M.
When Table 2 is examined, it is seen that the samples
containing much lower amounts of parathion can be
analyzed with the CMD chip based sensor we
developed.

Table 2. Comparison of different methods with our sensor
Method
Amperometric proton selective sensor [19]

LOD (molL−1)
5x10-5

Organophosphorus hydrolase enzyme immobilized glassy
carbon electrode based sensor [20]

4x10-7

Amperometric sensor based on carbon paste electrode [21]

1x10-4

Sensor based on pH change [22]

2x10-6

Our Study

3.79x10-8

4. Conclusions
In this study, CMD chip based sensor is developed
which selectively recognizes and binds the parathion
molecule. Nerve agents fall under the group of
organophosphorus compounds and irreversibly inhibit
the acetylcholinesterase enzyme (AChE). In this study,
parathion was used as an organophosphorus
compound. The effect of the parathion molecule on

enzyme inhibition is similar to nerve agents. The first
step
to
be
applied
before
CMD
(Carboxymethyldextran) chip surface enzyme
immobilization is the surface activation. After the
surface activation was completed, AChE enzyme
solution was passed over the chip surface for 40
minutes. In this way, enzyme immobilization was
performed on the chip surface and a surface selective
to the parathion molecule was obtained. Analysis was
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performed for parathion samples in different
concentrations in the range of 3.43x10-8-6.86x10-4
mol/L. The measurement results obtained were
graphed and the calibration graph was obtained. A
linear correlation was observed in the reflectometric
interference spectroscopy up to 6.86x10-4 mol/L, the
highest concentration of parathion studied for the
calibration line. Regression coefficient was found to be
0.9968. In order to calculate LOD and LOQ, blank
solutions are prepared and measured. As a result of the
calculations, the LOD value was found 3.79x10-8 M,
the LOQ value was 6.16x10-8 M. These results show us
that with the developed method, very low amounts of
parathion samples can be analyzed.
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Abstract

Article info

This study is focused on developing a sensitive analytical method for Streptozotocin (STZ)
molecules which is a naturally occurring alkylating antineoplastic agent. It is also known
particularly toxic to the insulin-producing beta cells of the pancreas in mammals. With this
study, a separation-enrichment method based on solid phase extraction was developed for low
levels of STZ. The synthetized material consist of a multi-walled carbon nanotube/CuO/Cu2O
was used as an adsorbent in column type SPE. Experimental variables such as pH, ionic
strength, desorption solvent, and other parameters were studied and optimized step by step.
Analytical merits were obtained under the optimized conditions: linear range (100.00-1500.00
ng mL-1), limit of detection (28.57 ng mL-1), relative standard deviation (RSD) % for 250 ng
mL-1 of STZ (< 4.2 %, N:3), and pre-concentration factor (125). In order to test accuracy of
the method, recovery tests were applied successively by using model solutions.
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1.

Introduction

Streptozotocin (2 - deoxy – 2 - ( 3 - ( methy l - 3 nitrosoureido ) - D - glucopyranose, STZ) is obtained
from Streptomycetes achromogenes type bacteria or
synthetic ways. It was used as a narrow-spectrum
antibiotic previously, then it has been used frequently
to create an experimental diabetes model after its
diabetogenic effect has been detected by Rakieten [1].
STZ destroys selectively and irreversibly beta cells of
pancreas in mammals. It is also used as a
chemotherapeutic drug for some type of cancers and
used to produce an animal model for type 1 diabetes in
medical researches. It is effective on gram-negative
bacteria due to its antibiotic properties. STZ is
considered mutagenic, carcinogenic, and possibly
teratogenic in human[2–5].
Determination of STZ is generally carried out via
HPLC based methods. Most of these methods need a
hybrid system like MS. Because adsorption properties
of this molecules are very low, it is not easy to follow
it by using conventional methods. So, signals of
molecule should be improved and separated by using a
pre-treatment procedure. It is a challenge to propose a
sensitive methods for analytical chemists[6].
From past today, the development of sensitive,
selective and easy-to-apply methods in the analysis of
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complex samples has become an important issue.
Actually, although devices and systems with high
sensitivity have been already used in analysis of this
type molecule, low concentration of analyte and
existing of interfering species complicates this analysis
[7,8]. Separation and enrichment procedures are
usually carried out by applying processes such as
fractionation, adsorption and extraction on solid
surface. The aim of an enrichment is extraction of
target molecules or ions from bulk solution having
high volume into smaller volume of another solvent
[9].
The first experimental applications of solid phase
extraction(SPE) have been made since 50 years ago. It
was developed as an alternative method for solvent
extraction in the mid-1970s and started to be used more
widely in the last two decades[10–12]. SPE is used for
separation and enrichment, especially in the fields of
chemistry,
environment,
food,
cosmetics,
biochemistry,
medicine,
organic
synthesis,
pharmacology and toxicology. Compared to other SPE
techniques, column technique is more extensively used
owing to available to automation. The used adsorbent
is filled into the column and made ready for passing the
sample solution through the column. The success of
process depends on feasibility and originality for target
molecules[13,14].
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The analysis of STZ, which has a very limited study
even for its direct determination in the literature, is
mostly performed with highly complex device systems
such as LC-MS. In determination with conventional
HPLC systems, the limit of detection does not fall
below 1 ppm in most cases. As far as we can tell, there
is no any study about determination of STZ after solid
phase extraction. Aim of this study, suggestion of a
HPLC-PDA based determination method for sensitive
analysis of STZ molecules at trace amounts which
cannot be analyzed directly with conventional
approaches.

2. Materials and Methods
2.1. Chemicals and materials
Streptozotocin (99.2%) was purchased from SigmaAldrich (St. Louis, MO, USA). The standard stock
solutions of STZ were prepared.in methanol by using
brown flask . The standart solutions stocked in a dry
place and protected from the light. The standard model
solution was newly prepared after diluting of the main
solutions with methanol. SPE frits and SPE cartridges
were purchased from Agilent Technologies
(California, USA). Both Triethylene glycol (TEG) and
Cu(CH3COO)2 purchased from Sigma-Aldrich were
used during the hydrothermal synthesis step of the
material. All solvents were used in HPLC grade.
2.2. Instrumentation
HPLC analyses were carried out on a Shimadzu HPLC
system (Shimadzu, Tokyo, Japan), equipped with a
model LC20-AD pump, auto sampler (SIL-20AC), a
thermostatic oven (CTO-10 AS), and photodiode array
dedector (SPD-M20A). Software (LC Solution,
Shimadzu, Tokyo, Japan)
was used for data
acquisition and detail. An ODS reversed phase packing
column (C18, 250 × 4.6 mm i.d., 5 μm particle size)
were employed for chromatographic separation.
All solvents used were filtered on Millipore –HNWP
(4mm, 0.45 μm) by using a vacuum pump (Buchi,
Switzerland) for the chromatographic system. Then,
degassed for 10 min in an ultrasonic bath.

added to this solution. Then, the mixture was
completely dissolved on a magnetic stirrer and 0.25 g
of MWCNT was added to solution. Dispersion of
particules was facilitated by ultrasonication for
30 min.The obtained product was transferred into for
hydrothermal reaction unit composed from a Teflonlined stainless autoclave.This unit having a capacity
of 100 mL was heated throughout at 180 °C for 12 h.
Then, the reaction chamber was waited in order to cool
in laboratory conditions. Seperation of the precipitated
product was performed by centrifugation at 4000 rpm
. The adsorbent washed with ultra pure water and
ethanol respectively. Finally , drying process was
applied to adsorbent in a vacuum oven throughout at
80 °C for 6 h. So, has been successfully completed in
this process.
2.4. HPLC conditions for STZ
The determination parameters of STZ were optimized
by HPLC before SPE experiments. In order to achieve
this goal the Luna Omega C18 column was used
throughtout all determinations. Till, the meaningful
peaks for STZ were obtained , experimental
optimization were followed step by step.
Consequently, the ideal conditions for HPLC were
provided with methanol and acetonitrile eluent phases.
A summarization of HPLC conditions after
optimization was shown in Table 1.
Table 1. HPLC conditions
HPLC Mode
Eluent
Flow Rate
Run Time
Colon
Colon Temperature
Injection Volume

Isocratic
70% MeOH 30% Acetonitrile
1mL/min
18 min
C18-Luna Omega
(250 mm×4.6×5.0 μm)
50 ᵒC
10 μL

The chromatogram has been showed for 3 different
STZ concentrations under the determined optimized
conditions was given in Figure 1. As can be seen, the
peak of the analyte was observed clearly and sharply.
Peak height and area increase with concentration as
expected.

2.3. Preperation of MWCNTs/Cu2O-CuO hybrid
nanomaterial
The used adsorbent in the SPE experiments was
syhnetized by using a procedure explanined by Aydin
et al. The deailed characterization data were also
submitted in their study [15]. Briefly, the synthesis can
be explanined as in below.
0.4 g of Cu(CH3COO)2 was dissolved in 10 mL ultra
pure water and 30 mL of TEG (triethylene glycol) was

Figure 1. Chromatogram for Streptozocin
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Table 2. shows the direct determination parameters
obtained under optimum conditions. As may be seen,
significant signals for concentrations lower than 2
ppm were not provided by using these conditions for
direct determination. So , a preconcentration method
plays important role for sensitive STZ determination.
Table 2. Direct determination results by HPLC before SPE
Streptozotocin
2.78

Maximum Absorption Wavelength, λ
Calibration Range

229 nm
2-50 μg mL-1

Limit of Detection (LOD)
RSD %
R2

0.57 μg mL-1
6.47 %
0.9968

Number of Repetition

3

1,2e+5

1,0e+5

8,0e+4

Peak Area

Parameter
Retention Time, min

reduces with pH. Thus, most of the analyte molecules
are uncharged and readily extracted onto adsorbent
surface [16]. Also, pH value of the medium affects
both the reactions between analytes and other species
and the enrichment process to be performed in the
following steps. In this regard, the optimization of the
pH was carried out by using a buffer series in the range
of 2-10. The results obtained were shown in Figure 2.
It was observed that the most suitable pH value for SPE
processes was at pH 4.00. So, the pH of the samples
was buffered to pH 4 in the next studies.

6,0e+4

4,0e+4

2.5. Solid-Phase extraction procedures

2,0e+4

250 mg of the adsorbent material was filled into 1 mL
of SPE cartridge. The upper and lower side of SPE
cartridge was fixed by frits. A SPE manifold sysytem
was used in order to facilitate filtration of the samples.
Pre-condition of SPE cartidges was proved by using
3mL of methanol and 3 mL ultra pure water,
respectively. By utilizing acetate buffer solution , pH
of the samples was adjusted to pH 4.0 . 50 mL of the
sample was passed through the prepared SPE cartridge
with at 0.84 mL min−1 flow rate.After the absorption ,
washing of the cartridge was performed by 2 ml of ultra
pure water. 400 µL of elution solvent (isopropanol)
was passed through column for desorption of the
retained STZ molecules. The obtained solution was
filtered by a PTFE membrane and submitted to the
HPLC / PDA system for analysis.
2.6. Application of the proposed method on model
solutions
The developed and optimized method was applied on
the model solutions including STZ at three different
concentrations. 100, 250, and 500 ng mL-1 of STZ
model solutions were prepared by using stock
solutions. After the solutions were filtrated via 0.2 µm
membrane filter and 10 mL of this solution was
analysed by the developed method.

3. Results and Discussion

0,0
0

2

4

6

8

10

12

pH

Figure 2. pH effect on the proposed method.

3.2. Electrolyte effect
In the developed method, a series experiments were
made using NaCl solution to observe the effect of
electrolyte concentration. The solid phase extraction
system is affected by the increase of electrolyte
concentration of the medium and any change in analyte
signals is an important parameter in terms of method
stability. Therefore, this parameter needs to be
optimized correctly. The operation of the method even
in the presence of high electrolyte concentrations is
important both for its success in the application phase
to real samples and in some cases, the electrodes have
a healing effect on the signals by providing the load
balance in the medium[17]. In certain circumstances,
the signals may be adversely affected as the electrolyte
concentration increases. In order to observe all these
effects, NaCl was added to analyte containing model
solutions and changes in the peak areas of
Streptozotocin were monitored. As seen in Figure 3,
although very intense electrolyte concentrations have
been reached, distorting effect has not been observed
on analyte signals.

3.1. pH effect
The acid-base equilibrium for compounds containing
functional groups obviously shifts towards neutral or
ionic forms when the pH changes. So, solubility of the
target molecules in the sample solution increases or
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volume of the solvent increases, the EF decreases due
to dilution. The optimization of solvent volume was
performed in the range of 200 and 1000 µL of IPA. The
best analytical signals (peak area of STZ) was obtained
at the volume of 400 µL as can be seen Figure 5.
Beyond of this point, there was no meaningful chance
at signals.

60000

Peak Area

50000

40000

30000

20000

65000
60000
0,0

0,4

0,2

0,8

0,6

1,0

1,2

55000

Figure 3. Electrolyte concentration effect on the proposed
method

50000

3. 3. Selecting of solvent for desorption process
The selection of a proper elution solvent has of
considerable importance in the developed method.
Inasmuch as the elution solvent dramatically effects
the enrichment factor, selectivity, and elution
efficiency. In SPE, the elution solvent must possess a
high affinity toward the target molecule STZ and a
rapid kinetics for their quantitative recoveries firstly.
After completing the filtration process with SPE
manifold, it was time to choose the most suitable
solvent for desorption of STZ molecules attached to the
solid phase material. An ideal solvent must completely
desorb STZ molecules from surface of adsorbent and
not be harmful to the device to be determined. While
selecting the solvents to be used for this purpose,
various solvents were tried in order to be suitable for
the eluent phase of the HPLC system and to be strong
enough to quantitatively desorption of STZ molecules.
For this process: MeOH, ACN, isopropyl alcohol
(IPA), EtOH, water and acetone solvents were applied
in desorption process, respectively. The obtained
results by considering peaks are are shown in Figure 4.
1,6e+5
1,4e+5

Peak Area

1,2e+5
1,0e+5
8,0e+4

Peak Area

Ionic Strenght (NaCl), (w/v) %

45000
40000
35000
30000
25000
0

200

400

600

800

1000

1200

Volume of Isopropyl Alcohol, L

Figure 5. Optimization of solvent volume used for SPE

3.4 Analytical performance merits of the proposed
method
After determining the most suitable experimental
conditions for solid phase extraction, enrichment
experiments were applied to different concentrations
of streptozotocin solutions to determine the linear
working range, as a result of which it was determined
that the measured signals changed linearly in the range
of 100.00-1500.00 ng mL-1. The calibration curve was
given in Figure 6 by applying the development method.
As can be seen in Figure 6, the analytical signals
increases with the concentrations of STZ
proportionally. All analytical parameters of the
developed method were collectively presented in Table
3. Limits of detection (LODs) value was found by
considering ICH proposals. According to this
reference, using the following equation LOD = 3.3
S/N, where N = noise, S = signal. The equation LOQ =
10 S/N was used for limitsLimits of quantitation
(LOQs) value [18].

6,0e+4
4,0e+4
2,0e+4
0,0
MeOH

ACN

IPA

EtOH

Water

Acetone

Solvents for desorption

Figure 4. Solvents for desorption process

As illustrated in Figure 4. the highest signal were
obtained with IPA solution. Therefore, IPA was used
in following steps of optimization. The amount of
solvent used to desorb STZ molecules from adsorbent
surface directly affects the enrichment factor (EF). In
order to obtain a high EF, the volume of the used
solvent must be the smallest as possible because

Figure 6. Calibration curve obtained under optimum
conditions
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Table 3. Analytical parameters of the proposed method
Parameter

Before SPE

Linear range

2000-50000 ng mL

100.00-1500.00 ng mL-1

Limit of Detection (LOD)

570.00 ng mL-1

28.57 ng mL-1

Limit of Quantification (LOQ)

1710.00 ng mL-1

99.83 ng mL-1

RSD (%) (for 250 ng mL-1 )

6.47

4.20

Calibration Sensitivity

0.954

90.698

Correlation Coefficient (R2)

0.9968

0.9846

Enrichment Factor

-

95.10

-

125

a

Pre-Concentration Factor
a
b

b

Ratio of calibration sensitivity obtained after SPE to calibration sensitivity before SPE
Calculated by taking the ratio of the initial aqueous phase volume (50 mL) to the volume (0.4 mL) obtained after enrichment
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Table 4 The application of the proposed method on model
solutions (N:3)
Added
ng
mL-1

Founda
ng mL-1

RSD
%

Recovery
%

Model
Solution 1
(100 ng mL-1)

100.0
300.0

112.3 ± 4.0
193.6 ± 6.5
419.5 ± 12.6

3.6
3.4
3.0

91.2
101.7

Model
Solution 2
(250 ng mL-1)
Model
Solution 3
(500 ng mL-1)

100.0
300.0
100.0
300.0

265.2 ± 9.2
378.5 ± 12.8
523.7 ± 21.4
485.8 ± 14.7
575.2 ± 18.7
785.4 ± 24.5

3.5
3.4
4.1
3.0
3.3
3.1

103.6
92.3
98.2
99.9

Sample

a

After SPE
-1

Conflicts of Interest
The authors state that did not have conflict of
interests.

The average value of 3 replicates ± standard deviation

4. Conclusions
A new, sensitive, simple and reliable HPLC based
method was developed for the determination of STZ.
The present method offers a simple extraction
procedure. The proposed SPE-HPLC-PDA
procedure allows the reliable analysis of STZ which
have not been determined in previously reported
analytical method. When we consider it from this
perspective even also, it can be concluded that the
study is original. It offers a different perspective to
the literature in terms of contributing to future
studies. The developed method has the advantage of
being fast and easy.
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Abstract
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In this paper we introduce a concept which is called RP-T-fuzzy soft subring and examine
some properties of the restricted intersection, the restricted union, the ∧-intersection and the
product of their families. A condition to make the restricted union of RP-T-fuzzy soft subrings
to be RP-T-fuzzy soft subring is determined. A correlation between the RP-T-fuzzy soft
subring of a soft ring and α-level sets of this soft ring is demonstrated. The RP-T-fuzzy soft
subrings under some binary operations are investigated. Moreover, the image and pre-image
of RP-T-fuzzy soft subrings under fuzzy soft homomorphisms is examined. Finally, we present
the concept of RP-T-fuzzy soft ideal and we investigate the analogue properties for them.
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Introduction

Most of the notions in all fields of the real world have uncertainties and vagueness. In 1965, Zadeh initiated fuzzy
sets (or fuzzy subsets) as a class of objects with a continuum of grades of membership to deal with uncertain
concepts [1]. Many researchers have established its connection with almost every topic since fuzzy sets
introduced. The fuzzy sets were applied to algebra by presenting fuzzy groups by Rosenfeld [2] in 1971. The
notion of fuzzy subrings was introduced by Liu in 1982 [3]. Dixit et. al. provide an internal description of the
fuzzy subring and fuzzy ideal generated by a finite fuzzy subset of a ring [4].
In 1999, Molodtsov introduced the theory of the soft set has a large area of use for solving uncertain problems
[5]. Maji et. al. put forth some basic algebraic features such as equality, union and intersection, null and absolute
of two soft sets, and also its complement [6]. Ali et. al. discuss some situations at Maji et. al’s study and give
some new notions [7]. The theory of soft sets can be combined with some other theories. In 2007, Aktaş and
Çağman combined soft sets with algebraic concepts and they defined the notions of soft group, soft subgroup,
soft normal subgroup and soft homomorphism of soft sets [8]. Acar et. al. [9] introduce initial concepts of soft
rings. Atagün and Sezgin [10] study the algebraic soft substructures of rings, fields and modules.
In 2001, Maji et. al. amalgamated soft and fuzzy sets and they defined fuzzy soft sets [11]. In 2009, Aygünoğlu
and Aygün introduced a fuzzy soft group as a new concept. Defined fuzzy soft function, they also introduced a
fuzzy soft homomorphism of fuzzy soft groups. Moreover, they gave the concept of normal fuzzy soft group and
they investigated some of its basic properties [12]. Pazar Varol et. al. [13] introduce the concept of a fuzzy soft
ring and study some of their algebraic features. İnan and Öztürk [14] present the notion of a fuzzy soft ring and
(ε, ε ∧ q)-fuzzy soft subring that is a generalization of the fuzzy soft ring. Çelik et. al. [15] provide a fuzzy
extension of soft rings introduced by Acar et al [9]. Some recent papers show that investigations related to the
theory of soft set continue rapidly [16- 26].
Akın and Karakaya [16] propose new algebraic notion which is called UP-fuzzy soft subset of a soft set, where
U denotes a universal set and P denotes a set of parameters. They present the notions SP-fuzzy soft semigroup
and SP-fuzzy soft left (right) ideal of a soft SP-fuzzy soft semigroup. Then, Akın [17] define GP-fuzzy soft groups.
In this paper, the concept of an RP-T-fuzzy soft subring is introduced. The concept of RP-T-fuzzy soft subring,
where T is a t-norm, is a combination of the notion of UP-fuzzy soft subset and ring theory. Some properties of
the restricted intersection, ∧-intersection and product of their families are studied. It is demonstrated that the
restricted union of RP-T-fuzzy soft subrings of a soft ring is an RP-T-fuzzy soft subring of this soft ring if T is
*Corresponding author. e-mail address: cananekiz28@gmail.com
http://dergipark.gov.tr/csj ©2020 Faculty of Science, Sivas Cumhuriyet University
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an infinitely ∨-distributive t-norm. Relations of the RP-T-fuzzy soft subring of a soft ring and α-level sets of this
soft ring are investigated. Some RP-T-fuzzy soft subrings which are obtained by some binary operations are
examined. Moreover, the image and pre-image of RP-T-fuzzy soft subrings under a fuzzy soft homomorphism is
investigated. Finally, this paper presents the concept of RP-T-fuzzy soft ideal and gives some analogue properties
for them.

2. Preliminaries
2.1. Fuzzy subsets
Let U be a universe of discourse. A function f from U to [0,1] is called a fuzzy subset of U. The family of all
fuzzy subsets of U is denoted by ℱ(U). Let f, g ∈ ℱ(U). Then, f ⊆ g means that f(a) ≤ g(a) for all a ∈ U. f ∗ g is
a binary relation on ℱ(U) defined by (f ∗ g)(u) = f(u) ∗ g(u) for all u ∈ U, where " ∗ " is a binary relation on
[0,1]. For t ∈ [0,1], the set ft = {a ∈ U|f(a) ≥ t} is called t-level set of f. Let Λ ≠ ∅ be an index set and {fi |i ∈
Λ} ⊆ ℱ(U). Then, (∧i∈Λ fi )(x) =∧i∈Λ fi (x) and (∨i∈Λ fi )(x) =∨i∈Λ fi (x) and (Ti∈Λ fi )(x) = Ti∈Λ fi (x) (See [1,
27]).
2.2. 𝐭-norms, 𝐭-conorms, negators and implications
A mapping T: [0,1] × [0,1] → [0,1] which is increasing, associative, commutative and providing the boundary
condition T(u, 1) = u for all u ∈ [0,1] is called a t-norm. On [0,1], the largest t-norm is the standard minimum
operator TM (u, v) = min{u, v} = u ∧ v and the weakest t-norm is the drastic t-norm TD (u, v) which is defined as
u if v = 1, v if u = 1, 0 otherwise. A mapping S: [0,1] × [0,1] → [0,1] which is increasing, associative,
commutative and providing the boundary condition ( i.e., S(u, 0) = u for all u ∈ [0,1] ) is called a t-conorm on
[0,1]. On [0,1], the maximum operator SM (u, v) = max{u, v} = u ∨ v is the smallest t-conorm and the drastic tconorm SW (u, v) which is defined as u if v = 0, v if u = 0 and 1 otherwise is the largest t-conorm. On [0,1], the
nilpotent t-conorm SN (u, v) is defined as max{u, v} if u + v < 1 and 0 otherwise. A mapping N: [0,1] → [0,1]
which is decreasing and providing the conditions N(1) = 0, N(0) = 1 is referred as a negator N. The negator
Ns (u) = 1 − u for all u ∈ [0,1] is called standard negator. An implication on [0,1] is a mapping I: [0,1] ×
[0,1] → [0,1] providing the conditions I(1,1) = I(0,1) = I(0,0) = 1, I(1,0) = 0. An S-implication based on S
and S is an implication defined by I(u, v) = S(N(u), v) for all u, v ∈ [0,1], and R-implication (residual
implication) based on a t-norm T is an implication defined by I(u, v) =∨T(u,α)≤v α for all u, v ∈ [0,1] (See [2830]). A t-norm T is called ∨-distributive if T(a, b1 ∨ b2 ) = T(a, b1 ) ∨ T(a, b2 ) for all a, b1 , b2 ∈ [0,1]. A t-norm
T is called infinitely ∨-distributive if T(a,∨i∈Λ bi ) =∨i∈Λ T(a, bi ) for all a, bi ∈ [0,1], i ∈ Λ (See [31, 32]).
2.3. Subrings, ideals, 𝐓-fuzzy subrings and 𝐓-fuzzy ideals
Let R denote a commutative ring and ∅ ≠ I ⊆ R. Then, I is called a subring of R if a − b, a. b ∈ I for all a, b ∈ I.
A subring I is a left ideal if ra ∈ I for all a ∈ I, r ∈ R. Let f ∈ ℱ(R) and T be a t-norm. Then, f is called a T-fuzzy
subring if f(x − y) ≥ f(x)Tf(y) and f(x. y) ≥ f(x)Tf(y) for all x, y ∈ R. A T-fuzzy subring f is called a T-fuzzy
left (right) ideal if f(x. y) ≥ f(y) (f(x. y) ≥ f(x)) for all x, y ∈ R. f is called a T-fuzzy ideal (or two-sided ideal) if
its both T-fuzzy left and right ideal (See [27, 33, 34]).
2.4. Soft sets and soft rings.
In this part, we present some known definitions of topics of soft sets and soft rings.
Definition 1 [5] Let U be an initial universe set and P be a set of parameters. The power set of U is denoted by
P(U) and A is a subset of P. A pair (F, A) is called a soft set over U where F is a mapping given by F: A → P(U).
The pair (U, P) denotes the collection of all soft sets on U with the attributes from P and is called a soft class [35].
Definition 2 [5] Let (F, A) and (G, B) be two soft sets over U , (F, A) is called a soft subset of (G, B), denoted by
(F, A) ⊆ (G, B), if
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(i) A ⊆ B.
(ii) F(x) ⊆ G(x) for each x ∈ A.
Definition 3 [6] Let (F, A) be soft set over U. Then,
(i) (F, A) is said to be a null soft set, denoted by Φ, if F(x) = ∅ for all x ∈ A.
̃ , if F(x) = U for all x ∈ A.
(ii) (F, A) is said to be an absolute soft set, denoted by A
Definition 4 [36] For a soft set (F, A), the set Supp(F, A) = {x ∈ A|F(x) ≠ ∅} is called the support of the subset
(F, A). If Supp(F, A) ≠ ∅, then the soft set (F, A) is called non-null.
Definition 5 [6, 7, 36- 39] Let {(Fi , Ai )|i ∈ Λ} be a family of soft sets in a soft class (U, P). Then,
(i) The restricted intersection of the family {(Fi , Ai )|i ∈ Λ}, denoted by (⋂r )i∈Λ (Fi , Ai ), is the soft set (F, A)
defined as A = ⋂i∈Λ Ai , F(x) = ⋂i∈Λ Fi (x)(∀x ∈ A).
(ii) The extended intersection of the family {(Fi , Ai )|i ∈ Λ}, denoted by (⋂e )i∈Λ (Fi , Ai ), is the soft set (F, A)
defined as A = ⋃i∈Λ Ai , F(x) = ⋂i∈Λ(x) Fi (x)(∀x ∈ A), where Λ(x) = {i|x ∈ Ai }.
(iii) The restricted union of the family {(Fi , Ai )|i ∈ Λ}, denoted by (⋃r )i∈Λ (Fi , Ai ), is the soft set (F, A) defined
as A = ⋂i∈Λ Ai , F(x) = ⋃i∈Λ Fi (x)(∀x ∈ A).
(iv) The extended union of the family {(Fi , Ai )|i ∈ Λ}, denoted by (⋃e )i∈Λ (Fi , Ai ), is the soft set (F, A) defined
as A = ⋃i∈Λ Ai , F(x) = ⋃i∈Λ(x) Fi (x)(∀x ∈ A).
(v) The ∧ −intersection of the family {(Fi , Ai )|i ∈ Λ}, denoted by ∧i∈Λ (Fi , Ai ), is the soft set (F, A) defined as
A = ∏i∈Λ Ai , F((xi )i∈Λ ) = ⋂i∈Λ Fi (xi )(∀(xi )i∈Λ ∈ A).
(vi) The ∨ −union of the family {(Fi , Ai )|i ∈ Λ}, denoted by ∨i∈Λ (Fi , Ai ), is the soft set (F, A) defined as A =
∏i∈Λ Ai , F((xi )i∈Λ ) = ⋃i∈Λ Fi (xi )(∀(xi )i∈Λ ∈ A).
(vii) The product of the family {(Fi , Ai )|i ∈ Λ}, denoted by Πi∈Λ (Fi , Ai ), is the soft set (F, A) defined as A =
∏i∈Λ Ai , F((xi )i∈Λ ) = ∏i∈Λ Fi (xi )(∀(xi )i∈Λ ∈ A).
Definition 6 [37] Let (F, A) be a non-null soft set over a ring R. Then,
(i) (F, A) is called a soft ring over R if F(x) is a subring of R for all x ∈ Supp(F, A).
(ii) (F, A) is called a soft ideal over R if F(x) is an ideal of R for all x ∈ Supp(F, A).
2.5. Fuzzy soft sets and Fuzzy soft rings
In this part, we give some known and useful definitions of topics of fuzzy soft sets and fuzzy soft rings.
Definition 7 [11] Let U be an initial universe set and P be a set of parameters. A pair (f, E) is called a fuzzy soft
̃
set over U where f: E → F(U) is a mapping. The pair (U,
P) denotes the collection of all fuzzy soft sets on U with
the attributes from P and is called a fuzzy soft class (See [40]).
Definition 8 [11] Let (f, E) be a fuzzy soft set over U. For each α ∈ [0,1], the set (f, E)α = (fα , E) is called an αlevel set of (f, E) where fα (a) = {x ∈ U|f(a)(x) ≥ α} for each a ∈ E. Obviously, (f, E)α is a soft set over U.
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Definition 9 [11] Let (f, E) and (g, H) be two fuzzy soft sets over U , (f, E) is called a fuzzy soft subset of (g, H),
denoted by (f, E) ⊆ (g, H), if (i)E ⊆ H, (ii) for each a ∈ E, f(a) ≤ g(a).
Definition 10 [11, 15, 40] Let {(fi , Ei )|i ∈ Λ} be a family of fuzzy soft sets in a fuzzy soft class (U, P). Then,
(i) The restricted intersection of the family {(fi , Ei )|i ∈ Λ}, denoted by (∧r )i∈Λ (fi , Ei ), is a fuzzy soft set (f, E),
E = ⋂i∈Λ Ei and for all x ∈ E, f(x) =∧i∈Λ fi (x).
(ii) The extended intersection of the family {(fi , Ei )|i ∈ Λ}, denoted by (∧e )i∈Λ (fi , Ei ), is a fuzzy soft set (f, E),
E = ⋃i∈Λ Ei and for all x ∈ E, f(x) =∧i∈Λ(x) fi (x) where Λ(x) = {i|x ∈ Ei }.
(iii) The restricted union of the family {(fi , Ei )|i ∈ Λ}, denoted by (∨r )i∈Λ (fi , Ei ), is a fuzzy soft set (f, E), E =
⋂i∈Λ Ei and for all x ∈ E, f(x) =∧i∈Λ fi (x).
(iv) The extended union of the family {(fi , Ei )|i ∈ Λ}, denoted by (∨r )i∈Λ (fi , Ei ), is a fuzzy soft set (f, E), E =
⋂i∈Λ Ei and for all x ∈ E, f(x) =∧i∈Λ fi (x).
̃
Definition 11 [11, 15] Let {(fi , Ei )|i ∈ Λ} be a family of fuzzy soft sets in a fuzzy soft class (U,
P). Then,
(i) The fuzzy ∧-intersection of the family {(fi , Ei )|i ∈ Λ}, denoted by ∧ (fi , Ei ), is a soft set (f, E) defined as E =
i∈Λ

∏i∈Λ Ei , f((xi )i∈Λ ) = ∧ fi (xi )(∀(xi )i∈Λ ∈ E).
i∈Λ

(ii) The fuzzy ∨-union of the family {(fi , Ei )|i ∈ Λ}, denoted by ∨ (fi , Ei ), is a soft set (f, E) defined as E =
i∈Λ

∏i∈Λ Ei , f((xi )i∈Λ ) = ∨ fi (xi )(∀(xi )i∈Λ ∈ E).
i∈Λ

(iii) The product of the family {(fi , Ei )|i ∈ Λ}, denoted by ∏i∈Λ (fi , Ei ), is a fuzzy soft set (f, E) defined as E =
∏i∈Λ Ei , f((xi )i∈Λ ) = ∨ ( ∧ fj (xj )).
J⊆Λ j∈J

Definition 12 [15] Suppose that ⊕ is a binary operation on the power set of P and ⊗ is a binary operation on
̃
F(U). Then, for any two fuzzy soft sets (f, E), (g, A) ∈ (R,
P), (f, E) ⊕⊗ (g, A) is defined as the Φ-fuzzy soft set
(h, C), where C = E ⊕ A and
f(x)
g(x)
h(x) = {
f(x) ⊗ g(x)
Φ

if
if
if

x ∈ E\A,
x ∈ A\E,
x ∈ E ∩ A,
otherwise

̃
for all x ∈ C, where Φ is arbitrary fuzzy set of U. Clearly," ⊕⊗ " is a binary operation on (R,
P).
̃
Definition 13 [15] Let (f, E1 ), (g, E2 ) be fuzzy soft sets in a fuzzy soft class (U,
P). Then, the fuzzy product of
̃ (g, E2 ), is the soft set (h, C) defined as C = E2 × E1 , h(a, b) = f(a). g(b) for all a ∈
them, denoted by (f, E1 ) ×
E1 , b ∈ E2 .
Definition 14 [14, 15] Let (f, E) be a fuzzy soft set over R. Then,
(i) (f, E) is said to be T-fuzzy soft ring over R if f(x) is a T-fuzzy subring of R for all x ∈ E,
(ii) (f, E) is said to be T-fuzzy soft ideal over R if f(x) is T-fuzzy ideal of R for x ∈ E.
Definition 15 [14] Let (f, A) be a fuzzy soft ring over R. A fuzzy soft set (g, B) over R is called a fuzzy soft ideal
of (f, A) if and only if
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(i) B ⊆ A,
(ii) g(x) is a fuzzy ideal of f(x) for all x ∈ Supp(g, B),
(iii) g(x) ≤ f(x) for all x ∈ Supp(g, B).
̃
Definition 16 [12] Let (f, A) and (g, B) fuzzy soft sets on the classes (Ũ
1 , P1 ) and (U2 , P2 ), respectively and let
φ: U1 → U2 , ψ: A → B be functions. Then, the pair (φ, ψ) is called a fuzzy soft function from U1 to U2 .
̃
Definition 17 [12] Let (f, A) and (g, B) fuzzy soft sets on the classes (Ũ
1 , P1 ) and (U2 , P2 ), respectively and let
(φ, ψ) be a fuzzy soft function from U1 to U2 . Then,
a) The image of (f, A) under (φ, ψ) denoted by (φ, ψ)(f, A), is the fuzzy soft set on the class (U2 , P2 ) defined by
(φ, ψ)(f, A) = (φ(f), ψ(A)), where;
φ(f)(b)(y) =

∨

∨

{φ(x)=yψ(a)=b
0

f(a)(x) if

∃∈ φ−1 (y),
otherwise.

b) The pre-image of (g, B) under the fuzzy soft function (φ, ψ) denoted by (φ, ψ)−1 (g, B), is defined by
(φ, ψ)−1 (g, B) = (φ−1 (g), ψ−1 (B)), where φ−1 (g)(a)(x) = g(ψ(a))(φ(x)),(∀a ∈ ψ−1 (B), ∀x ∈ U1 )
Definition 18 [13] Let (φ, ψ) be a fuzzy soft function from R to S. If φ is a ring homomorphism from R to S,
then (φ, ψ) is said to be a fuzzy soft homomorphism. If φ is an isomorphism and ψ is a one-to-one mapping
from A onto B, then (φ, ψ) is said to be a fuzzy soft isomorphism.
2.6. 𝐒𝐏-fuzzy soft subsemigroup
Akın and Karakaya present a fuzzy soft set of a crisp soft set as a new concept. They introduced some new
algebraic notions which are called SP-fuzzy soft semigroup and SP-fuzzy soft left (right) ideal of a soft semigroup.
Definition 19 [16] Let (F, A) be a soft set in a soft class (U, P) and (f, E) be a fuzzy soft set in the fuzzy soft class
̃
(U,
P). Then, (f, E) is said to be a UP-fuzzy soft subset of (F, A), denoted by (f, E) ⊆UP (F, A), if E ⊆ A and f(x)
is a fuzzy subset of F(x) for all x ∈ E.
Definition 20 [16] Let (f, E) be a UP-fuzzy soft subset of (F, A). (Fα , E) called α-level soft subset of (f, E), where
Fα : E → P(U) is defined by Fα (x) = {α ∈ F(x)|f(x)(a) ≥ a} for all x ∈ E.
Definition 21 [16] Let (f, E) be a UP-fuzzy soft subset of (F, A) . Then, the UP-fuzzy soft subset (f, E)c = (f c , E)
of (F, A) is called the complement of (f, E), where for any x ∈ E,f c (x): F(x) → [0,1] is defined by f c (x)(a) =
1 − f(x)(a) for all a ∈ F(x).
Theorem 22 [16] Let {(fi , Ei )|i ∈ Λ} be the family of UP-fuzzy soft subset of (F, A). Then, De Morgan rules are
provided for restricted intersection and union, i.e.,
̃r )i∈Λ (fi , Ei ))c = (∨
̃r )i∈Λ (fi , Ei )c and ((∨
̃r )i∈Λ (fi , Ei ))c = (∧
̃r )i∈Λ (fi , Ei )c.
((∧

3. Results
Throughout this paper, all fuzzy subsets are considered over commutative rings R and Z. T, S and I denote a tnorm, a t-conorm and an implication on [0,1], respectively, unless otherwise stated. We begin by giving a
definition of RP-T-fuzzy soft subring.
Definition 23 Let (F, A) be a soft subring in a soft class (R, P) and (f, E) be a fuzzy soft set in the fuzzy soft class
̃
(R,
P). Then, (f, E) is called an RP-T-fuzzy soft subring of (F, A) if E ⊆ A and f(x) is a T-fuzzy subring of F(x)
for all x ∈ E.
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Example 24 Let R be the ring (ℤ24 , +, . ), P = {e1 , e2 , e3 }, A = {e1 , e2 }, E = {e2 } and let (F, A) be defined by
F(e1 ) =< 6 >, F(e2 ) =< 4 >.
(i) Let α, β ∈ [0,1],α ≤ β. Then, (f, E) defined by
β if a = 0,
f(e2 )(a) = {
α if a ≠ 0,
is an RP-T-fuzzy soft subring of (F, A).
(ii) Let (g, E) be defined by
0 if 4 ∣ a,
g(e2 )(a) = {
1 if 4 ∤ a.
Then, (g, E) is an RP-T-fuzzy soft subring of (F, A). However, (g, E) is not a fuzzy soft subring of 𝑅.
Theorem 25 Let (F, A) be a soft ring over R and (f, E) be an RP-T-fuzzy soft subset of (F, A).
(i) (f, E) is an RP-T-fuzzy soft subring of (F, A) if (Fα , E) is soft ring over R for all α ∈ [0,1].
(ii) Let (f, E) be an RP-T-fuzzy soft subring of (F, A). Then, (Fα , E) is a soft ring over R for all α ∈ DT if f(x)α ≠
∅ for all x ∈ E, where DT = {α|αTα = α}.
Proof. Let x ∈ E.
(i) Let α: = f(x)(a)Tf(x)(b) for any a, b ∈ F(x). Thus, f(x)(a) ≥ α and f(x)(b) ≥ α. So, a, b ∈ Fα (x). Thus, a −
b, a. b ∈ Fα (x) since Fα (x) is subring of R for all x ∈ E. So, f(x)(a − b) ≥ α and f(x)(a. b) ≥ α, i.e., f(x)(a −
b) ≥ f(x)(a)Tf(x)(b) and f(x)(a. b) ≥ f(x)(a)Tf(x)(b). Hence, f(x): F(x) → [0,1] is fuzzy subring for all x ∈
E. Therefore, (f, E) is an RP-T-fuzzy soft subring of (F, A).
(ii) Let a, b ∈ Fα (x) for α ∈ DT. Hereby, f(x)(a) ≥ α and f(x)(b) ≥ α. So, f(x)(a)Tf(x)(b) ≥ αTα. Thus,
f(x)(a − b) ≥ α and f(x)(a. b) ≥ α since f(x) is subring of F(x) for all x ∈ E. Therefore, a − b, a. b ∈ Fα (x). So,
(Fα , E) is a soft ring for all α ∈ DT.
Proposition 26 Let (f, E) be an RP-T-fuzzy soft subring of (F, A). If (Fα , E) is a soft left or right ideal over R,
then it is a soft ring over R.
Proof. It is straightforward.
Theorem 27 Let (fi , Ei ) be an RP-T-fuzzy soft subring of (Fi , Ai ) for all i ∈ Λ. Then,
(i) ⋂i∈Λ 𝑟 (fi , Ei ) is RP-T-fuzzy soft subring of (⋂r )i∈Λ (Fi , Ai ) if ⋂i∈Λ Ei ≠ ∅.
(ii) ⋂i∈Λ 𝑒 (fi , Ei ) is RP-T-fuzzy soft subring of (⋂e )i∈Λ (Fi , Ai ).
(iii) ⋂i∈Λ 𝑟 (fi , Ei ) is RP-T-fuzzy soft subring of (⋂e )i∈Λ (Fi , Ai ) if ⋂i∈Λ Ei ≠ ∅.
(iv) ∧ (fi , Ei ) is RP-T-fuzzy soft subring of ∧i∈Λ (Fi, Ai).
i∈Λ
(v) ∏i∈Λ (fi , Ei ) is RP-T-fuzzy soft subring of ∏i∈Λ (Fi , Ai ).
Proof. i) Let ⋂i∈Λ 𝑟 (fi , Ei ) = (f, E) and (⋂r )i∈Λ (Fi , Ai ) = (F, A). Clearly E = ⋂i∈Λ Ei ⊆ ⋂i∈Λ Ai = A. Let a, b ∈
F(x) for any x ∈ E
f(x)(a − b) = ( ∧ fi (x))(a − b) = ∧ fi (x)(a − b) ≥ ∧ (fi (x)(a)Tfi (x)(b))
i∈Λ

i∈Λ

i∈Λ

≥ ∧ fi (x)(a)T ∧ (fi (x)(b) = ( ∧ fi (x))(a)T( ∧ (fi (x))(b)
i∈Λ

i∈Λ

i∈Λ

i∈Λ

= f(x)(a)Tf(x)(b).
f(x)(a. b) = ( ∧ fi (x))(a. b) = ∧ fi (x)(a. b) ≥ ∧ (fi (x)(a)Tfi (x)(b))
i∈Λ

i∈Λ

i∈Λ

= ∧ fi (x)(a)T ∧ (fi (x)(b) = ( ∧ fi (x))(a)T( ∧ (fi (x))(b)
i∈Λ

i∈Λ

i∈Λ

i∈Λ

= f(x)(a)Tf(x)(b).
Hence, f(x) is RP-T-fuzzy soft subring of F(x) for all x ∈ E. Thus, ⋂i∈Λ 𝑟 (fi , Ei ) is RP-T-fuzzy ring of
(⋂r )i∈Λ (Fi , Ai ).
ii) The proof is similar to the proof of Theorem 3.4 (b) in [17] with the definitions T-fuzzy subring and RP-Tfuzzy soft subring.

837

Akın, Akçay / Cumhuriyet Sci. J., 41(4) (2020) 832-844

iii) The proof is similar to the proof of Theorem 3.4 (c) in [17] with the definitions T-fuzzy subring and RP-Tfuzzy soft subring.
iv) Let ∧ (fi , Ei ) = (f, E) and ∧i∈Λ (Fi , Ai ) = (F, A). Let ((xi )i∈Λ ) ∈ E and a, b ∈ F((xi )i∈Λ ). Then,
i∈Λ

f((xi )i∈Λ )(a − b) = ( ∧ fi (xi ))(a − b) = ∧ (fi (xi )(a − b))
i∈Λ

i∈Λ

≥ ∧ ((fi (xi )(a)T(fi (xi )(b)) = ( ∧ (fi (xi )(a))T( ∧ (fi (xi )(b))
i∈Λ

i∈Λ

i∈Λ

= ( ∧ (fi (xi ))(a)T( ∧ (fi (xi ))(b) = f((xi )i∈Λ )(a)Tf((xi )i∈Λ )(b).
i∈Λ

i∈Λ

f((xi )i∈Λ )(a. b) = ( ∧ fi (xi ))(a. b) = ∧ (fi (xi )(a. b))
i∈Λ

i∈Λ

≥ ∧ ((fi (xi )(a)T(fi (xi )(b)) = ( ∧ (fi (xi )(a))T( ∧ (fi (xi )(b))
i∈Λ

i∈Λ

i∈Λ

= ( ∧ (fi (xi ))(a)T( ∧ (fi (xi ))(b) = f((xi )i∈Λ )(a)Tf((xi )i∈Λ )(b).
i∈Λ

i∈Λ

Therefore, ∧ (fi , Ei ) is RP-T-fuzzy soft subring of ∧i∈Λ (Fi, Ai).
i∈Λ

v) Let ∏∼
i∈Λ (fi , Ei ) = (f, E) and ∏i∈Λ (Fi , Ai ) = (F, A). Clearly, E = ∏i∈Λ Ei ⊆ ∏i∈Λ Ai = A. Let a, b ∈
F((xi )i∈Λ ) for any (xi )i∈Λ ∈ E.
f((xi )i∈Λ )(a − b) = ∨ ( ∧ fj (xj ))(a − b) = ∨ ( ∧ fj (xj )(a − b))
J⊆Λ j∈J

J⊆Λ j∈J

≥ ∨ ( ∧ (fj (xj )(a)Tfj (xj )(b)))
J⊆Λ j∈J

≥ ∨ ( ∧ fj (xj )(a)T ∧ fj (xj )(b))
J⊆Λ j∈J

j∈J

≥ ∨ ( ∧ fj (xj ))(a)T ∨ ( ∧ fj (xj ))(b)
J⊆Λ j∈J

J⊆Λ j∈J

= f((xi )i∈Λ )(a)Tf((xi )i∈Λ )(b).
f((xi )i∈Λ )(a. b) = ∨ ( ∧ fj (xj ))(a. b) = ∨ ( ∧ fj (xj )(a. b))
J⊆Λ j∈J

J⊆Λ j∈J

≥ ∨ ( ∧ (fj (xj )(a)Tfj (xj )(b)))
J⊆Λ j∈J

≥ ∨ ( ∧ fj (xj )(a)T ∧ fj (xj )(b))
J⊆Λ j∈J

j∈J

≥ ∨ ( ∧ fj (xj ))(a)T ∨ ( ∧ fj (xj ))(b)
J⊆Λ j∈J

J⊆Λ j∈J

= f((xi )i∈Λ )(a)Tf((xi )i∈Λ )(b).
Therefore, ∏i∈Λ (fi , Ei ) is an RP-T-fuzzy soft subring of ∏i∈Λ (Fi , Ai ) since f((xi )i∈Λ ) is a fuzzy subring of
F((xi )i∈Λ ).
Theorem 28 Let {(fi , Ei )|i ∈ Λ} be a family of RP-T-fuzzy soft subrings of (F, A). Then, ⋃i∈Λ 𝑟 (fi , Ei ) is an RPT-fuzzy soft subring of (F, A) if T is an infinitely ∨-distributive t-norm.
Proof. Let ⋃i∈Λ 𝑟 (fi , Ei ) = (f, E). Then, E = ⋂i∈Λ Ei ⊆ ⋂i∈Λ A = A. Let a, b ∈ F(x) for any x ∈ E.
f(x)(a − b) = ( ∨ fi (x))(a − b) = ∨ fi (x)(a − b) ≥ ∨ (fi (x)(a)Tfi (x)(b))
i∈Λ

i∈Λ

i∈Λ

= ∨ fi (x)(a)T ∨ fi (x)(b) = f(x)(a)Tf(x)(b).
i∈Λ

i∈Λ

f(x)(ab) = ( ∨ fi (x))(ab) = ∨ fi (x)(ab) ≥ ∨ (fi (x)(a)Tfi (x)(b))
i∈Λ

i∈Λ

i∈Λ

= ∨ fi (x)(a)T ∨ fi (x)(b) = f(x)(a)Tf(x)(b).
i∈Λ

i∈Λ

Thus, f(x) is a T-fuzzy subring of F(A). Therefore, ⋃i∈Λ 𝑟 (fi , Ei ) is an RP-T-fuzzy soft subring of (F, A).
Let {(fi , Ei )|i ∈ Λ} be a family of RP-T-fuzzy soft subring of (F, A). The following example shows that
∨i∈Λ (fi , Ei ) is not an RP-T-fuzzy soft subring of ∨i∈Λ (F, A) in general.
Example 29 Let R = ℤ4 , Λ = {1,2}, E1 = {e1 , e2 }, E2 = {e2 , e3 }, A = {e1 , e2 , e3 }, T =∧. Let (F, A) be defined as
F(e1 ) = {0}, F(e2 ) = {0, 2}, F(e3 ) = R. Then, (F, A) is a soft ring over R. Let fuzzy soft sets (f1 , E1 ) and (f2 , E2 )
be defined by
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f1 (e1 )(0) = 0.1, f1 (e2 )(0) = 0.5, f1 (e2 )(2) = 0.3,
f2 (e2 )(0) = 0.6, f2 (e2 )(2) = 0.2, f2 (e3 )(0) = 0.4, f2 (e3 )(1) = 0.2, f2 (e3 )(2) = 0.3, f2 (e3 )(3) = 0.2
Then, {(fi , Ei )|i ∈ Λ} is a family of RP-T-fuzzy soft subring of (F, A). Therefore, ∨i∈Λ (F, A) = (G, B) is obtained
as
G(e1 , e1 ) = F(e1 ),G(e1 , e2 ) = G(e2 , e1 ) = G(e2 , e2 ) = F(e2 ),
G(e3 , e1 ) = G(e1 , e3 ) = G(e2 , e3 ) =
G(e3 , e2 ) = G(e3 , e3 ) = R. However, ∨i∈Λ (fi , Ei ) = (f1 , E1 ) ∨ (f2 , E2 ) = (f, E) can not be obtained by the
knowledge of the definitions above since f(e1 , e2 )(2) is incalculable. If we have f1 (e1 )(2) = 1, then
f(e1 , e2 )(0) = 0.6, f(e1 , e2 )(2) = 1. Consequently, (f, E) is not RP-T-fuzzy soft subring of (G, B) since
f(e1 , e2 )(2 − 2) = 0.6 ≱ 1 = f(e1 , e2 )(2) ∧ f(e1 , e2 )(2).
Theorem 30 Let (f, E) and (g, A) be RP-T-fuzzy soft subrings of (F, K) and (G, L), respectively. Then,
(f, E) ⋂T (g, A) is RP-T-fuzzy soft subring of (F, K) ⋂r (G, L).
Proof. Let (f, E) ⋂T (g, A) = (h, C) and (F, K) ⋂r (G, L) = (H, B). Then, C = E ∩ A ⊆ K ∩ L = B. Let x ∈ C. For
all u, v ∈ F(x) ∩ G(x),
h(x)(u)Th(x)(v) = (f(x)Tg(x))(u)T(f(x)Tg(x))(v)
= (f(x)(u)Tg(x)(u))T(f(x)(v)Tg(x)(v))
= (f(x)(u)Tf(x)(v))T(g(x)(u)Tg(x)(v))
≤ f(x)(u − v)Tg(x)(u − v)
= (f(x)Tg(x))(u − v)
= h(x)(u − v).
h(x)(u)Th(x)(v) = (f(x)Tg(x))(u)T(f(x)Tg(x))(v)
= (f(x)(u)Tg(x)(u))T(f(x)(v)Tg(x)(v))
= (f(x)(u)Tf(x)(v))T(g(x)(u)Tg(x)(v))
≤ f(x)(uv)Tg(x)(uv)
= (f(x)Tg(x))(uv)
= h(x)(uv).
Therefore, (f, E) ⋂T (g, A) is an RP-T-fuzzy soft subring of (F, K) ⋂r (G, L).
Following examples show that (f, E) ⋂I (g, A) and (f, E) ⋂S (g, A) may not be RP-T-fuzzy soft subrings of
(F, K) ⋂r (G, L) in general.
Example 31 Let R = ℤ4 , Λ = {1,2}, E = {e1 , e2 }, A = {e2 , e3 }, K = L = {e1 , e2 , e3 }. Let (F, K) = (G, L) be
defined as F(e1 ) = {0}, F(e2 ) = {0, 2}, F(e3 ) = ℤ4 . Then, (F, K) and (G, L) are soft rings over R. Then,
(F, K) ⋂r (G, L) = (F, K) = (G, L).
1) Let T =∧ and I be the residual implication of T and let (f, E) and (g, A) be defined by
f(e1 )(0) = 1, f(e2 )(0) = 0.5, f(e2 )(2) = 0.3,
g(e2 )(0) = 0.4, g(e2 )(2) = 0.4, g(e3 )(0) = 0.6, g(e3 )(1) = 0.4, g(e3 )(2) = 0.5, g(e3 )(3) = 0.4.
Then, (f, E) and (g, A) are RP-T-fuzzy soft subrings of (F, K) = (G, L). Let (f, E) ⋂I (g, A) = (h, C). Then, C =
E ∩ A = {e2 }. Thus, (h, C) is obtained as
h(e2 )(0) = 0.4, h(e2 )(2) = 1
Therefore, (h, C) is not RP-T-fuzzy soft subring of (F, K) ⋂r (G, L) since h(e2 )(2 − 2) = 0.4 ≱ 1 = h(e2 )(2) ∧
h(e2 )(2).
2) Let T =∧ and S be the nilpotent t-conorm SN and let (f, E) and (g, A) be defined by
f(e1 )(0) = 1, f(e2 )(0) = 0.5, f(e2 )(2) = 0,
g(e2 )(0) = 0.7, g(e2 )(2) = 0.3, g(e3 )(0) = 0.6, g(e3 )(1) = 0.4, g(e3 )(2) = 0.5, g(e3 )(3) = 0.4.
Then, (f, E) and (g, A) are RP-T-fuzzy soft subrings of (F, K) = (G, L). Let (f, E) ⋂S (g, A) = (l, B). Then, B =
E ∩ A = {e2 }. Thus, (l, B) is obtained as
l(e2 )(0) = 0, l(e2 )(2) = 0.3
Therefore, (l, B) is not RP-T-fuzzy soft subring of (F, K) ⋂r (G, L) since l(e2 )(2 − 2) = 0 ≱ 0.3 = l(e2 )(2) ∧
l(e2 )(2).
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Theorem 32 Let (f, E) and (g, A) be RP-T-fuzzy soft subrings of (F, K) and (G, L), respectively. Then,
(f, E) ∪T (g, A) is RP-T-fuzzy soft subring of (F, K) ⋂e (G, L).
Proof. Let (f, E) ∪T (g, A) = (h, C) and (F, K) ⋂e (G, L) = (H, B). Then, C = E ∪ A ⊆ K ∪ L = B. The rest of the
proof is analogue with the proof of Theorem 30.
̃
Definition 33 Let (f, E), (g, A) ∈ (R,
P) and ∗ be a binary operation on the unit interval [0,1]. Then, a mapping
R
fg ∗ : E × A → [0,1] is defined by fg ∗ (e, a) = f(e) ∗ g(a) for all e ∈ E and a ∈ A. It is clear to see that (fg ∗ , E ×
A) ∈ (R,̃
P × P).
Theorem 34 Let (f, E) and (g, A) be RP-T-fuzzy soft subrings of (F, K) and (G, L), respectively. Then, (fg T , E ×
A) is RP-T-fuzzy soft subring of (F, K) ∧ (G, L).
Proof. Let (F, K) ∧ (G, L) = (H, B). Then, E × A ⊆ K × L = B. Let (e, a) ∈ E × A and let u, v ∈ H(e, a) = F(e) ∩
G(a). Then,
fg T (e, a)(u)Tfg T (e, a)(v) = (f(e)Tg(a))(u)T(f(e)Tg(a))(v)
= (f(e)(u)Tg(a)(u))T(f(e)(v)Tg(a)(v))
= (f(e)(u)Tf(e)(v))T(g(a)(u)Tg(a)(v))
≤ f(e)(u − v)Tg(a)(u − v)
= fg T (e, a)(u − v).
fg T (e, a)(u)Tfg T (e, a)(v) = (f(e)Tg(a))(u)T(f(e)Tg(a))(v)
= (f(e)(u)Tg(a)(u))T(f(e)(v)Tg(a)(v))
= (f(e)(u)Tf(e)(v))T(g(a)(u)Tg(a)(v))
≤ f(e)(uv)Tg(a)(uv)
= fg T (e, a)(uv).
Hence, (fg T , E × A) is an RP-T-fuzzy soft subring of (F, K) ∧ (G, L).
Following examples show that (fg I , E × A) and (fg S , E × A) may not be RP-T-fuzzy soft subrings of (F, K) ∧
(G, L) in general.
Example 35 Let T = TM and I be R-implication (residual implication) of T and let P = {e1 , e2 , e3 }, E = {e1 }, A =
{e1 , e2 } and ℝ be the real numbers with the known multiplication and addition operations. Let (F, E) and (G, A)
be defined by F(e1 ) = 2ℤ = G(e2 ), G(e1 ) = ℝ. Thus, (F, E) and (G, A) are soft subrings of ℝ. If (f, E) and (g, A)
are defined as follows
1 if x = 0
f(e1 )(x) = {
0 if x ≠ 0
1

if x = 0
g(e1 )(x) = {2
0 if x ≠ 0
1 if x = 0
g(e2 )(x) = {1 if x ≠ 0,
2
then (f, E) and (g, A) are RP-fuzzy soft subrings of (F, E) and (G, A), respectively. Hence, (fg I , E × A) is not an
1
RP-fuzzy soft subring of (F, E) ∧ (G, A) since fg I (e1 , e1 )(2)Tfg I (e1 , e1 )(2) = 1 ≰ 2 = fg I (e1 , e1 )(2 − 2).
Theorem 36 Let T be an infinitely ∨-distributive t-norm and (f, E) be an RP-T-fuzzy soft subring of (F, A). If
(φ, ψ) is a fuzzy soft homomorphism, then (φ, ψ)(f, E) is a ZP2 -T-fuzzy soft subring of (φ(F), ψ(A)).
Proof. Let y1 , y2 ∈ φ(F)(b) for any b ∈ ψ(E). Suppose that there exist x1 , x2 ∈ R such that φ(x1 ) = y1 and
φ(x2 ) = y2 . Then, the inequality
φ(f)(b)(y1 y2 ) ≥ φ(f)(b)(y1 )Tφ(f)(b)(y2 )
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is verified by the similar way in the proof of Theorem 3.8 in [17] with the use of the infinitely ∨-distributivity of
T. Thus, the proof of Theorem 3.8 in [17] completes the proof.
Theorem 37 Let (g, B) be a ZP2-T-fuzzy soft subring of (G, K). If (φ, ψ) is a fuzzy soft homomorphism, then
(φ, ψ)−1 (g, B) is an RP1 -T-fuzzy soft subring of (φ−1 (G(ψ)), ψ−1 (K)).
Proof. Let x1 , x2 ∈ φ−1 (G)(a) for all a ∈ ψ−1 (B). Then, the inequality
φ−1 (a)(x1 x2 ) ≥ φ−1 (g)(a)(x1 ) ∧ φ−1 (g)(a)(x2 )
is verified by the similar way in the proof of Theorem 3.9 in [17]. Thus, (φ, ψ)−1 (g, B) is an RP1 -T-fuzzy soft
subring of (φ−1 (G(ψ), ψ−1 (K)) by the proof of Theorem 3.9 in [17].
Definition 38 Let R be a ring and let (F, A) be a soft ideal in a soft class (R, P) and (f, E) be a fuzzy soft set in
̃
the fuzzy soft class (R,
P). (f, E) is called an RP-T-fuzzy soft left (right) ideal of (F, A) if E ⊆ A and f(x) is a Tfuzzy left (right) ideal of F(x) for all x ∈ E.
Theorem 39 Let (F, A) be a soft ring over R and (f, E) be an RP-T-fuzzy soft subset of (F, A). Then, (f, E) is an
RP-T-fuzzy soft left (right) ideal of (F, A) if (Fα , E) is soft left (right) ideal over R for all α ∈ [0,1].
Proof. Let (Fα , E) be a soft left (right) ideal over R for all α ∈ [0,1] and let α: = f(x)(b) for any b ∈ F(x). Thus,
f(x)(b) ≥ α. So, b ∈ Fα (x). Thus, rb ∈ Fα (x) (br ∈ Fα (x)) for all r ∈ R since Fα (x) is a left (right) ideal of R
for all x ∈ E. So, f(x)(rb) ≥ α (f(x)(br) ≥ α), i.e f(x)(rb) ≥ f(x)(b) (f(x)(br) ≥ f(x)(b)). Hence, f(x): F(x) →
[0,1] is fuzzy left (right) ideal for all x ∈ E accordance with Theorem 25 and Proposition 26. Therefore, (f, E) is
an RP-T-fuzzy soft left (right) ideal of (F, A).
Theorem 40 Let {(fi , Ai )|i ∈ Λ} be a family of the RP-T-fuzzy soft left (right) ideals of (Fi , Ai ) for all i ∈ Λ.
(i) ⋂i∈Λ 𝑟 (fi , Ei ) is RP-T-fuzzy soft left (right) ideal of (⋂r )i∈Λ (Fi , Ai ) if ⋂i∈Λ Ei ≠ ∅.
(ii) ⋂i∈Λ 𝑒 (fi , Ei ) is RP-T-fuzzy soft left (right) ideal of (⋂e )i∈Λ (Fi , Ai ).
(iii) ⋂i∈Λ 𝑟 (fi , Ei ) is RP-T-fuzzy soft left (right) ideal of (⋂e )i∈Λ (Fi , Ai ) if ⋂i∈Λ Ei ≠ ∅.
(iv) ∧ (fi , Ei ) is RP-T-fuzzy soft left (right) ideal of ∧i∈Λ (Fi, Ai).
i∈Λ
(v) ∏i∈Λ (fi , Ei ) is RP-T-fuzzy soft left (right) ideal of ∏i∈Λ (Fi , Ai ).
Proof. It is straightforward.
Theorem 41 Let {(fi , Ei )|i ∈ Λ} be a family of RP-T-fuzzy soft left (right) ideals of (F, A). Then ⋃i∈Λ 𝑟 (fi , Ei ) is
an RP-T-fuzzy soft left (right) ideal of (F, A) if T is an infinitely ∨-distributive t-norm.
Proof. Let ⋃i∈Λ 𝑟 (fi , Ei ) = (f, E). Then, E = ⋂i∈Λ Ei ⊆ ⋂i∈Λ A = A. Let a, b ∈ F(x) for any x ∈ E.
f(x)(ab) = ∨ (fi (x))(ab) = ∨ fi (x)(ab) ≥ ∨ (fi (x)(b))
i∈Λ

= ( ∨ fi (x))(b) = f(x)(b).

i∈Λ

i∈Λ

i∈Λ

Therefore, ⋃i∈Λ 𝑟 (fi , Ei ) is an RP-T-fuzzy soft left ideal of (F, A) by Theorem 28. The proof is similar for RP-Tfuzzy soft right ideals.
Theorem 42 Let (f, E) and (g, A) be RP-T-fuzzy soft left (right) ideals of (F, K) and (G, L), respectively. Then,
(f, E) ⋂T (g, A) is RP-T-fuzzy soft left (right) ideal of (F, K) ⋂r (G, L).
Proof. Let (f, E) ⋂T (g, A) = (h, C) and (F, K) ⋂r (G, L) = (H, B). Then, C = E ∩ A ⊆ K ∩ L = B. Let x ∈ C. For
all u, v ∈ F(x) ∩ G(x),
h(x)(uv) = (f(x)Tg(x))(uv) = f(x)(uv)Tg(x)(uv)
≥ f(x)(v)Tg(x)(v) = h(x)(v).
Therefore, (f, E) ⋂T (g, A) is an RP-T-fuzzy soft left ideal of (F, K) ⋂r (G, L) by Theorem 30. The proof is similar
for RP-T-fuzzy soft right ideals.
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Theorem 43 Let (f, E) and (g, A) be RP-T-fuzzy soft left (right) ideals of (F, K) and (G, L), respectively. Then,
(f, E) ∪T (g, A) is RP-T-fuzzy soft left (right) ideal of (F, K) ⋂e (G, L).
Proof. Let (f, E) ∪T (g, A) = (h, C) and (F, K) ⋂e (G, L) = (H, B). Then, C = E ∪ A ⊆ K ∪ L = B. The rest of the
steps are similar to the proof of Theorem 42.
Theorem 44 Let (f, E) and (g, A) be RP-T-fuzzy soft left (right) ideals of (F, K) and (G, L), respectively. Then,
(fg T , E × A) is RP-T-fuzzy soft left (right) ideal of (F, K) ∧ (G, L).
Proof. Let (F, K) ∧ (G, L) = (H, B). Then, E × A ⊆ K × L = B. Let (e, a) ∈ E × A and let u, v ∈ H(e, a) = F(e) ∩
G(a). Then,
fg T (e, a)(uv) = f(e)(uv)Tg(a)(uv) ≥ f(e)(v)Tg(a)(v) = fg T (e, a)(v)
Hence, (fg T , E × A) is an RP-T-fuzzy soft left ideal of (F, K) ∧ (G, L) by Theorem 34. The proof is similar for
RP-T-fuzzy soft right ideals.
Theorem 45 Let T be an infinitely ∨-distributive t-norm and (f, E) be an RP-T-fuzzy soft left (right) ideal of
(F, A). If (φ, ψ) is a fuzzy soft homomorphism, then (φ, ψ)(f, E) is a ZP2 -T-fuzzy soft left (right) ideal of
(φ(F), ψ(A)).
Proof. Let (f, E) be an RP-T-fuzzy soft left ideal of (F, A) and let y1 , y2 ∈ φ(F)(b) for any b ∈ ψ(E). Suppose
that there exist x1 , x2 ∈ R such that φ(x1 ) = y1 and φ(x2 ) = y2 . Then the inequality
φ(f)(b)(y1 y2 ) ≥ ∨
∨ f(a)(x2 ) = φ(f)(b)(y2 )
φ(x2 )=y2 ψ(a)=b

is verified since the inequality
φ(f)(b)(y1 y2 ) =
∨

∨

φ(x)=y1 y2 ψ(a)=b

f(a)(x) ≥ ∨

ψ(a)=b

f(a)(x1 x2 ) ≥ ∨

ψ(a)=b

(f(a)(x2 ))

is satisfied for each x1 , x2 ∈ R such that φ(x1 ) = y1 and φ(x2 ) = y2 . Thus, (φ, ψ)(f, E) is a ZP2-T-fuzzy soft
left ideal of (φ(F), ψ(A)) by Theorem 36. The proof is similar for right ideals.
Theorem 46 Let (g, B) be a ZP2-T-fuzzy soft left (right) ideal of (G, K). If (φ, ψ) is a fuzzy soft homomorphism,
then (φ, ψ)−1 (g, B) is an RP1 -T-fuzzy soft left (right) ideal of (φ−1 (G(ψ)), ψ−1 (K)).
Proof. Let (g, B) be a ZP2 -T-fuzzy soft left ideal of (G, K) and let x1 , x2 ∈ φ−1 (G)(a) for all a ∈ ψ−1 (B). Then,
φ−1 (g)(a)(x1 x2 ) = g(ψ(a))(φ(x1 x2 )) = g(ψ(a))(φ(x1 )φ(x2 ))
≥ g(ψ(a))(φ(x2 )) = φ−1 (g)(a)(x2 ).
Thus, (φ, ψ)−1 (g, B) is an RP1 -T-fuzzy soft left ideal of (φ−1 (T(ψ), ψ−1 (K)) by Theorem 37. The proof is
similar for right ideals.
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Abstract
In this study, we generalize some integral inequalities for bidimensional preinvex stochastic
processes. The main results consist of two parts. In the first part, we obtain a generalization of
H-H type integral inequality for bidimensional preinvex stochastic processes. In the second
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Introduction

In the literature, the following inequality is well-known as Hermite-Hadamard type integral inequality (H-H
integral inequality) for convex functions [1]:
𝑏

𝑎+𝑏
1
𝑓(𝑎) + 𝑓(𝑏)
𝑓(
)≤
∫ 𝑓(𝑥)𝑑𝑥 ≤
.
2
𝑏−𝑎
2
𝑎

Alomari [2] generalized this classical H-H type integral inequality and Ostrowski type inequality for convex
function on [𝑎, 𝑏]. Dragomir [3] proved H-H type integral inequality for convex functions on the coordinates.
Nwaeze [4] proved some generalizations of H-H type integral inequality and Ostrowski type inequality for
coordinated convex functions.
It is necessary to know that preinvexity indicates a generalization of convexity. There are many results for
preinvex functions in the literature [5-13].
In terms of probability theory, H-H type integral inequality gives minimum and maximum bounds for the
expectation value of a random variable. Based on importance of convexity, many researchers studied on this
issue, for examples Kumar [14], Gavrea [15]. In this sense, researchers investigated many problems related
convexity and inequality for stochastic processes [16-22].
Akdemir et al. [23] defined the following preinvex stochastic process with respect to 𝜂 (𝑃𝜂 SP) on the real line:
Definition 1.1([23]). A set 𝐼 ⊆ ℝ is called invex with respect to the continuous function 𝜂: 𝐼 × 𝐼 → ℝ if
(𝑥 + 𝜆𝜂(𝑦, 𝑥)) ∈ 𝐼 for all 𝑥, 𝑦 ∈ 𝐼, 𝜆 ∈ [0,1]. An invex function is also preinvex under following Condition C:
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Condition C: Let 𝐼 ⊆ ℝ be invex with respect to 𝜂: 𝐼 × 𝐼 → ℝ. It is told that the function 𝜂 satisfies Condition C
if
𝜂(𝑦, 𝑦 + 𝜆𝜂(𝑥, 𝑦)) = −𝜆𝜂(𝑥, 𝑦);
𝜂(𝑥, 𝑦 + 𝜆𝜂(𝑥, 𝑦)) = (1 − 𝜆)𝜂(𝑥, 𝑦)
for all 𝑥, 𝑦 ∈ 𝐼 and 𝜆 ∈ [0,1].
Definition 1.2([23]). The process 𝑋: 𝐼 × 𝛺 → ℝ is called 𝑃𝜂 SP if the following inequality holds almost
everywhere:
𝑋(𝑡 + 𝜆𝜂(𝑠, 𝑡),⋅) ≤ (1 − 𝜆)𝑋(𝑡,⋅) + 𝜆𝑋(𝑠,⋅)
for all 𝑡, 𝑠 ∈ 𝐼 ⊆ ℝ and 𝜆 ∈ [0,1].
Theorem 1.1([23]). If 𝜂 satisfies Condition C, then almost everywhere
𝑢+𝜂(𝑣,𝑢)

2𝑢 + 𝜂(𝑣, 𝑢)
1
𝑋(
,∙) ≤
2
𝜂(𝑣, 𝑢)

∫
𝑢

𝑋(𝑡,∙)𝑑𝑡 ≤

𝑋(𝑢,∙) + 𝑋(𝑣,∙)
.
2

(1)

In the light of all the above mentioned information, our main aim is to generalize some integral inequalities for
bidimensional preinvex stochastic processes such as H-H type integral inequality and Ostrowski type integral
inequality.

2. Materials and Methods
2.1. Apparatus
In this section, we use as materials the following definitions for bidimensional preinvex stochastic process with
respect to 𝜂1 and 𝜂2 (𝑃𝜂2 SP); and H-H type integral inequality for these processes:
Definition 2.1([25]). Let the continuous functions 𝜂1 : 𝑇 × 𝑇 → ℝ and 𝜂2 : 𝑆 × 𝑆 → ℝ be invex on the sets 𝑇, 𝑆 ⊆
ℝ, respectively. Then ∆≔ 𝑇 × 𝑆 is called invex set with respect to 𝜂1 and 𝜂2 if (𝑢 + 𝜆1 𝜂1 (𝑡, 𝑢), 𝑣 + 𝜆2 𝜂2 (𝑠, 𝑣)) ∈
∆ for all (𝑡, 𝑠), (𝑢, 𝑣) ∈ ∆, 𝜆1 , 𝜆2 ∈ [0,1].
Definition 2.2([25]). Let ∆ be called invex with respect to the 𝜂1 and 𝜂2 . The process 𝑋: ∆ × 𝛺 → ℝ is called a
𝑃𝜂2 SP on ∆ if the following inequality holds almost everywhere
𝑋 ((𝑡1 + 𝜆𝜂1 (𝑡2 , 𝑡1 ), 𝑠1 + 𝜆𝜂2 (𝑠2 , 𝑠1 )),⋅) ≤ (1 − 𝜆)𝑋((𝑡1 , 𝑠1 ),⋅) + 𝜆𝑋((𝑡2 , 𝑠2 ),⋅).
for all (𝑡1 , 𝑠1 ) , (𝑡2 , 𝑠2 ) ∈ ∆ and 𝜆 ∈ [0,1].
Lemma 2.1([25]). Let (𝛺, ℑ, 𝑃) be an arbitrary probability space and 𝑋: ∆ × 𝛺 → ℝ be a 𝑃𝜂2 SP on ∆, then 𝑋 can
be known as
(i) mean-square continuous (differentiable) on ∆,
(ii) monotonic if it is increasing or decreasing,
(iii) mean-square differentiable at a point (𝑡, 𝑠) ∈ ∆,
(iv) mean-square integrable on Λ: = [𝑢1 , 𝑢1 + 𝜂1 (𝑢2 , 𝑢1 )] × [𝑣1 , 𝑣1 + 𝜂2 (𝑣2 , 𝑣1 )] ⊆ ∆.
From here on out, assume that
Λ ≔ Λ 𝑢 × Λ 𝑣 with Λ 𝑢 : = [𝑢1 , 𝑢1 + 𝜂1 (𝑢2 , 𝑢1 )], Λ 𝑣 ≔ [𝑣1 , 𝑣1 + 𝜂2 (𝑣2 , 𝑣1 )]
and
Λ+𝑢 : = 2𝑢1 + 𝜂1 (𝑢2 , 𝑢1 ), Λ−𝑢 : = 𝜂1 (𝑢2 , 𝑢1 ) > 0, Λ+𝑣 : = 2𝑣1 + 𝜂2 (𝑣2 , 𝑣1 ), Λ−𝑣 : = 𝜂2 (𝑣2 , 𝑣1 ) > 0.
Theorem 2.1([25]). Let 𝑋: 𝛬 × 𝛺 → ℝ+ be a 𝑃𝜂2 SP on 𝛬. If 𝑋 is mean-square integrable on 𝛬, then almost
everywhere

846

Okur/ Cumhuriyet Sci. J., 41(4) (2020) 845-853

𝑋 ((

Λ+𝑢
2

,

Λ+𝑣
2

𝑢1 +Λ−
𝑢

) ,⋅) ≤

𝑢1 +Λ−
𝑢

≤

1
∫
Λ−𝑢 Λ−𝑣

𝑢1
𝑢1 +Λ−
𝑢

≤

1
∫
4Λ−𝑢

1
∫
2Λ−𝑢
𝑢1

𝑣1 +Λ−
𝑣

∫

𝑋 ((𝑡,

Λ+𝑣
2

𝑣1 +Λ−
𝑣

) ,⋅) 𝑑𝑡 +

1
∫
2Λ−𝑣

𝑋 ((

𝑣1

Λ+𝑢
, 𝑠) ,⋅) 𝑑𝑠
2

𝑋((𝑡, 𝑠),⋅) 𝑑𝑠𝑑𝑡
(2)

𝑣1

𝑣1 +Λ−
𝑣

(𝑋((𝑡, 𝑣1 ),⋅) + 𝑋((𝑡, 𝑣2 ),⋅)) 𝑑𝑡 +

𝑢1

1
∫
4Λ−𝑣

(𝑋((𝑢1 , 𝑠),⋅) + 𝑋((𝑢2 , 𝑠),⋅)) 𝑑𝑠

𝑣1

𝑋((𝑢1 , 𝑣1 ),⋅) + 𝑋((𝑢1 , 𝑣2 ),⋅) 𝑋((𝑢2 , 𝑣1 ),⋅) + 𝑋((𝑢2 , 𝑣2 ),⋅)
≤
+
.
4
4

3. Results and Discussion
This section consists of two parts. In the first subsection, we obtain a generalization of H-H type integral
inequality for bidimensional preinvex stochastic processes. In the second subsection, we derive a generalization
of Ostrowski type integral inequality for bidimensional preinvex stochastic processes.
3.1. Generalization of H-H type integral inequality for bidimensional preinvex stochastic processes
In this subsection, we generalize H-H type integral inequality for bidimensional preinvex stochastic processes.
For this reason, we need the following generalization of H-H type integral inequality for preinvex stochastic
processes on the real line:
Lemma 3.1. Let 𝑋: [𝑢, 𝑢 + 𝜂(𝑣, 𝑢)] × 𝛺 → ℝ+ be a 𝑃𝜂 SP and mean-square integrable on [𝑢, 𝑢 + 𝜂(𝑣, 𝑢)]. Then
almost everywhere
𝑢+𝜂(𝑣,𝑢)

𝑛

𝜂(𝑣, 𝑢)
2𝑡𝑘−1 + 𝜂(𝑡𝑘 , 𝑡𝑘−1 ) .
∑ 𝑋 ((
), ) ≤
𝑛
2
𝑘=1

∫

𝑋 (𝑡,. )𝑑𝑡

𝑢

(3)

𝑛−1

𝜂(𝑣, 𝑢)
≤
(𝑋(𝑢,. ) + 2 ∑ 𝑋(𝑡𝑘 ,. ) + 𝑋(𝑣,. )),
2𝑛
𝑘=1

where 𝑡𝑘 = 𝑢 + 𝑘

𝜂(𝑣,𝑢)
𝑛

, 𝑘 = 0,1,2, …, n; 𝑢 < 𝑣, 𝑛 ∈ 𝑁.

Proof. Using preinvexity of 𝑋 on each sub-interval [𝑡𝑘−1 , 𝑡𝑘−1 + 𝜂(𝑡𝑘 , 𝑡𝑘−1 )] ⊆ [𝑢, 𝑢 + 𝜂(𝑣, 𝑢)], 𝑘 = 1,2, … , 𝑛,
then for all 𝜆 ∈ [0,1]
𝑋(𝑡𝑘−1 + 𝜆𝜂(𝑡𝑘 , 𝑡𝑘−1 ),⋅) ≤ 𝜆𝑋(𝑡𝑘 ,⋅) + (1 − 𝜆) 𝑋(𝑡𝑘−1 ,⋅).

(4)

Integrating (5) with respect to 𝜆 on [0,1]
1

∫ 𝑋(𝑡𝑘−1 + 𝜆𝜂(𝑡𝑘 , 𝑡𝑘−1 ),⋅)𝑑𝜆 ≤
0

𝑋(𝑡𝑘−1 ,⋅) + 𝑋(𝑡𝑘 ,⋅)
.
2

(5)

Changing of variable 𝑡 = 𝑡𝑘−1 + 𝜆𝜂(𝑡𝑘 , 𝑡𝑘−1 ) in (4)
𝑡𝑘−1 +𝜂(𝑡𝑘 ,𝑡𝑘−1 )

∫
𝑡𝑘−1

𝑋(𝑡,⋅)𝑑𝑡 ≤

𝜂(𝑡𝑘 , 𝑡𝑘−1 )
(𝑋(𝑡𝑘−1 ,⋅) + 𝑋(𝑡𝑘 ,⋅)).
2

Taking the sum over 𝑘 from 1 to 𝑛 on (5), we get
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𝑛 𝑡𝑘−1 +𝜂(𝑡𝑘 ,𝑡𝑘−1 )

∑

∫

𝑘=1

𝑡𝑘−1

𝑢+𝜂(𝑣,𝑢)

𝑋(𝑡,⋅)𝑑𝑡 =

∫

𝑛

𝜂(𝑡𝑘 , 𝑡𝑘−1 )
(𝑋(𝑡𝑘−1 ,⋅) + 𝑋(𝑡𝑘 ,⋅))
2

𝑋(𝑡,⋅)𝑑𝑡 ≤ ∑
𝑘=1

𝑢
𝑛

1
≤ max{𝜂(𝑡𝑘 , 𝑡𝑘−1 )} ∑(𝑋(𝑡𝑘−1 ,⋅) + 𝑋(𝑡𝑘 ,⋅))
2 𝑘
𝑘=1

𝑛−1

𝜂(𝑣, 𝑢)
=
(𝑋(𝑡0 ,⋅) + 𝑋(𝑡1 ,⋅) + ∑(𝑋(𝑡𝑘−1 ,⋅) + 𝑋(𝑡𝑘 ,⋅)) + 𝑋(𝑡𝑛−1 ,⋅) + 𝑋(𝑡𝑛 ,⋅))
2𝑛
𝑘=2

(7)

𝑛−1

𝜂(𝑣, 𝑢)
=
(𝑋(𝑢,⋅) + 2 ∑ 𝑋(𝑡𝑘 ,⋅) + 𝑋(𝑣,⋅)).
2𝑛
𝑘=1

Because of preinvexity of 𝑋 on [𝑡𝑘−1 , 𝑡𝑘−1 + 𝜂(𝑡𝑘 , 𝑡𝑘−1 )], then for 𝜆 ∈ [0,1]
2𝑡𝑘−1 + 𝜂(𝑡𝑘 , 𝑡𝑘−1 )
𝑡𝑘−1 + 𝜆𝜂(𝑡𝑘 , 𝑡𝑘−1 ) 𝑡𝑘−1 + 𝜆𝜂(𝑡𝑘 , 𝑡𝑘−1 )
,⋅) = 𝑋 (
+
,⋅)
2
2
2
1
≤ [𝑋(𝑡𝑘−1 + 𝜆𝜂(𝑡𝑘 , 𝑡𝑘−1 ),⋅) + 𝑋(𝑡𝑘−1 + 𝜆𝜂(𝑡𝑘 , 𝑡𝑘−1 ),⋅)].
2
Applying on (7) by using similar way in (4)-(6)
𝑋(

(8)

𝑢+𝜂(𝑣,𝑢)

𝑛

𝜂(𝑣, 𝑢)
2𝑡𝑘−1 + 𝜂(𝑡𝑘 , 𝑡𝑘−1 ) .
∑ 𝑋 ((
), ) ≤
𝑛
2
𝑘=1

∫

𝑋 (𝑡,. )𝑑𝑡.

(9)

𝑢

From (6) and (8), we obtain (3).
Remark 3.1. In Lemma 3.1 for 𝑛 = 1, then we obtain (1).
Now, we can give a generalization of H-H type integral inequality for bidimensional preinvex stochastic
processesas follows:
Theorem 3.1. Let 𝑋: 𝛬 × 𝛺 → ℝ+ be a 𝑃𝜂2 SP on 𝛬. If 𝑋 is mean-square integrable on 𝛬, then almost everywhere
−
𝑛 𝑢1 +Λ𝑢

Λ−𝑣
∑ ∫
2𝑛

−
𝑛 𝑣1 +Λ𝑣

Λ+𝑠
Λ−𝑢
𝑋 ((𝑡, ) ,. ) 𝑑𝑡 +
∑ ∫
2
2𝑛

𝑘=1 𝑢1
−
𝑢1 +Λ−
𝑢 𝑣1 +Λ𝑣

≤

≤

1

Λ−𝑢 Λ−𝑣
Λ−𝑣
4𝑛

∫

∫

𝑢1

𝑣1

𝑘=1 𝑣1

(𝑋((𝑡, 𝑣1 ),. ) + 𝑋((𝑡, 𝑣2 ),. )) 𝑑𝑡 +

𝑣1
−
𝑛−1 𝑢1 +Λ𝑢

+

Λ−𝑣
∑ ∫
2𝑛

Λ+𝑡
, 𝑠) ,. ) 𝑑𝑠
2

𝑋 ((𝑡1 , 𝑠1 ),. )𝑑𝑡𝑑𝑠

𝑣1 +Λ−
𝑣

∫

𝑋 ((

Λ−𝑢
4𝑛

(10)

𝑣1 +Λ−
𝑣

∫

(𝑋((𝑢1 , 𝑠),. ) + 𝑋((𝑢2 , 𝑠),. )) 𝑑𝑠

𝑣1

−
𝑛−1 𝑣1 +Λ𝑣

𝑋((𝑡, 𝑠𝑘 ),. )𝑑𝑡 +

𝑘=1 𝑢1

where 𝑡𝑘 = 𝑢1 + 𝑘

Λ−𝑢
∑ ∫
2𝑛

𝑋 ((𝑡𝑘 , 𝑠),. )𝑑𝑠,

𝑘=1 𝑣1

Λ−
𝑢
𝑛

, 𝑠𝑘 = 𝑣1 + 𝑘

Λ−
𝑣
,
𝑛

𝑘 = 0,1,2, …, n; 𝑛 ∈ 𝑁.

Proof. By using Lemma 3.1, we get
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𝑛

Λ−𝑣
𝑛

∑ 𝑋𝑡 (

𝑣1 +Λ−
𝑣

Λ+𝑠 .

𝑘=1

, )≤ ∫

2

𝑛−1

𝑋𝑡

(𝑠,. )𝑑𝑠

Λ−𝑣
≤
(𝑋𝑡 (𝑣1 ,. ) + 2 ∑ 𝑋𝑡 (𝑠𝑘 ,. ) + 𝑋𝑡 (𝑣2 ,. )).
2𝑛
𝑘=1

𝑣1

Thus
𝑛

Λ−𝑣
𝑛
≤

∑ 𝑋 ((𝑡,

Λ+𝑠
2

𝑘=1

𝑣1 +Λ−
𝑣

) ,. ) ≤ ∫

𝑋 ((𝑡, 𝑠),. )𝑑𝑠

𝑣1

(11)

𝑛−1

Λ−𝑣

(𝑋((𝑡, 𝑣1 ),. ) + 𝑋((𝑡, 𝑣2 ),. ) + 2 ∑ 𝑋 ((𝑡, 𝑠𝑘 ),. )).

2𝑛

𝑘=1

Integrating all sides of (11) on Λ 𝑢 , we have
−
𝑛 𝑢1 +Λ𝑢

Λ−𝑣
∑ ∫
2𝑛

≤

𝑘=1 𝑢1
𝑢1 +Λ−
𝑢
Λ−𝑣

2𝑛

−
𝑢1 +Λ−
𝑢 𝑣1 +Λ𝑣

Λ+𝑠 .
1
𝑋 ((𝑡, ) , ) 𝑑𝑡 ≤ − − ∫
2
Λ 𝑢 Λ𝑣
𝑢1

∫

𝑋 ((𝑡1 , 𝑠1 ),. )𝑑𝑡𝑑𝑠

𝑣1

𝑣1 +Λ−
𝑣

(12)

−

𝑛−1 𝑢1 +Λ𝑢

( ∫

𝑋 ((𝑡, 𝑠),. )𝑑𝑡 + ∫

𝑋 ((𝑡, 𝑣2 ),. )𝑑𝑡 + 2 ∑ ∫

𝑢1

𝑢1

𝑘=1 𝑢1

𝑋 ((𝑡, 𝑠𝑘 ),. )𝑑𝑡),

and
−
𝑢1 +Λ−
𝑢 𝑣1 +Λ𝑣

𝑛

Λ−𝑢
Λ+𝑡
∑ 𝑋 (( , 𝑠) ,. ) 𝑑𝑠 ≤ ∫
𝑛
2
𝑘=1

≤

Λ−𝑢
2𝑛

∫

𝑢1

𝑣1 +Λ−
𝑣

𝑣1

𝑣1 +Λ−
𝑣

𝑋 ((𝑢1 , 𝑠),. )𝑑𝑠 + ∫

( ∫

𝑋 ((𝑡, 𝑠),. )𝑑𝑡𝑑𝑠

𝑣1

(13)

−

𝑛−1 𝑣1 +Λ𝑣

𝑋 ((𝑢2 , 𝑠),. )𝑑𝑠 + 2 ∑ ∫

𝑋 ((𝑡𝑘 , 𝑠),. )𝑑𝑠).

𝑘=1 𝑣1

𝑣1

Adding (12) and (13), we obtain (10). That completes the proof of Theorem 3.1.
Remark 3.2. In Theorem 3.1 for 𝑛 = 1, then we obtain (2).
Corollary 3.1. Using Theorem 3.1, we have almost everywhere
i)

𝑛

𝑛

Λ+𝑢 Λ+𝑠
Λ+𝑡 Λ+𝑣
∑ 𝑋 (( , ) ,. ) + ∑ 𝑋 (( , ) ,. )
2 2
2 2

𝑘=1

𝑘=1

𝑣1 +Λ−
𝑣

≤

𝑛
∫
Λ−𝑣

𝑋 ((

𝑣1

ii)

Λ+𝑢
2

𝑢1 +Λ−
𝑢

, 𝑠) ,. ) 𝑑𝑠 +

𝑛
∫
Λ−𝑢

𝑋 ((𝑡,

𝑢1

𝑣1 +Λ−
𝑣

𝑛
∫
Λ−𝑣

Λ+𝑣 .
) , ) 𝑑𝑡;
2

𝑢1 +Λ−
𝑢

(𝑋((𝑢1 , 𝑠),. ) + 𝑋((𝑢2 , 𝑠),. )) 𝑑𝑠 +

𝑣1

≤ 𝑋((𝑢1 , 𝑣1

𝑛
∫
Λ−𝑢

(𝑋((𝑡, 𝑣1 ),. ) + 𝑋((𝑡, 𝑣2 ),. )) 𝑑𝑡

𝑢1

),.

) + 𝑋((𝑢1 , 𝑣2

),.

) + 𝑋((𝑢2 , 𝑣1

),.

) + 𝑋((𝑢2 , 𝑣2 ),. )

𝑛−1

+ ∑ (𝑋((𝑢1 , 𝑠𝑘 ),. ) + 𝑋((𝑢2 , 𝑠𝑘 ),. ) + 𝑋((𝑡𝑘 , 𝑣1 ),. ) + 𝑋((𝑡𝑘 , 𝑣2 ),. )) .
𝑘=1
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3.2. Generalization of Ostrowski type integral inequality for bidimensional preinvex stochastic processes
In this subsection, we generalize Ostrowski type integral inequality for bidimensional preinvex stochastic
processes. For this reason, we need the following generalization of Ostrowski type integral inequality for preinvex
stochastic processes on the real line:
Lemma 3.2. Let 𝑋: [𝑢, 𝑢 + 𝜂(𝑣, 𝑢)] × 𝛺 → ℝ+ be a 𝑃𝜂 SP and mean-square integrable on [𝑢, 𝑢 + 𝜂(𝑣, 𝑢)]. Then
almost everywhere
𝑢+𝜂(𝑣,𝑢)

𝑛−1

∫

𝑋

(𝑡,. )𝑑𝑡

− 𝜂(𝑣, 𝑢)𝑋(𝑠,

.)

𝜂(𝑣, 𝑢)
≤
(𝑋(𝑢,. ) + 2 ∑ 𝑋(𝑡𝑘 ,. ) + 𝑋(𝑣,. )).
2𝑛

(14)

𝑘=1

𝑢

for all 𝑠 ∈ [𝑢, 𝑢 + 𝜂(𝑣, 𝑢)], 𝑡𝑘 = 𝑢 + 𝑘

𝜂(𝑣,𝑢)
𝑛

, 𝑘 = 0,1,2, …, n; 𝑢1 < 𝑢2 , 𝑛 ∈ 𝑁.

Proof. Fix 𝑠 ∈ [𝑡𝑘−1 , 𝑡𝑘−1 + 𝜂(𝑡𝑘 , 𝑡𝑘−1 )], 𝑘 = 1,2, … , 𝑛. Because of preinvexity of 𝑋 on [𝑡𝑘−1 , 𝑡𝑘−1 +
𝜂(𝑠, 𝑡𝑘−1 )], 𝑘 = 1,2, … , 𝑛, we obtain
𝑡𝑘−1 +𝜂(𝑠,𝑡𝑘−1 )

∫

𝑋(𝑡,⋅)𝑑𝑡 ≤

𝑡𝑘−1

𝜂(𝑠, 𝑡𝑘−1 )
(𝑋(𝑡𝑘−1 ,⋅) + 𝑋(𝑠,⋅)).
2

(15)

Using preinvexity of 𝑋 on [𝑠, 𝑠 + 𝜂(𝑡𝑘 , 𝑠)], 𝑘 = 1,2, … , 𝑛, we get
𝑠+𝜂(𝑡𝑘 ,𝑠)

∫

𝑋(𝑡,⋅)𝑑𝑡 ≤

𝑠

𝜂(𝑡𝑘 , 𝑠)
(𝑋(𝑠,⋅) + 𝑋(𝑡𝑘 ,⋅)).
2

(16)

Adding the inequalities (15) and (16), we get
𝑡𝑘−1 +𝜂(𝑠,𝑡𝑘−1 )

∫

𝑡𝑘−1 +𝜂(𝑡𝑘 ,𝑡𝑘−1 )

𝑠+𝜂(𝑡𝑘 ,𝑠)

𝑋(𝑡,⋅)𝑑𝑡 +

𝑡𝑘−1

∫

𝑋(𝑡,⋅)𝑑𝑡 =

∫

𝑠

𝑋(𝑡,⋅)𝑑𝑡

𝑡𝑘−1

(17)

𝜂(𝑠, 𝑡𝑘−1 )
𝜂(𝑡𝑘 , 𝑠)
≤
(𝑋(𝑡𝑘−1 ,⋅) + 𝑋(𝑠,⋅)) +
(𝑋(𝑠,⋅) + 𝑋(𝑡𝑘 ,⋅))
2
2
𝜂(𝑡𝑘 , 𝑡𝑘−1 )
𝜂(𝑣, 𝑢)
{𝑋(𝑡𝑘−1 ,⋅) + 𝑋(𝑡𝑘 ,⋅)} +
≤
𝑋(𝑠,⋅).
2
𝑛
Taking the sum over 𝑘 from 1 to 𝑛 on (17), we get (14).

Now, we can give a generalization of Ostrowski type integral inequality for bidimensional preinvex stochastic
processes as follows:
Theorem 3.2. Let 𝑋: 𝛬 × 𝛺 → ℝ+ be a 𝑃𝜂2 SP on 𝛬. If 𝑋 is mean-square integrable on 𝛬, then almost everywhere
−
𝑢1 +Λ−
𝑢 𝑣1 +Λ𝑣

∫

∫

𝑢1

𝑣1

𝑋 ((𝑡, 𝑠),. ) 𝑑𝑡𝑑𝑠
𝑣1 +Λ−
𝑣

Λ−𝑢 (𝑛 + 1)
≤
( ∫
4𝑛
𝑣1

𝑢1 +Λ−
𝑢

Λ−𝑣 (𝑛 + 1)
+
( ∫
4𝑛
𝑢1

𝑣1 +Λ−
𝑣

𝑋 ((𝑢1 , 𝑠),. )𝑑𝑠 + ∫
𝑣1
𝑢1 +Λ−
𝑢

𝑋 ((𝑡, 𝑣1 ),. )𝑑𝑡 + ∫
𝑢1

−

𝑛−1 𝑣1 +Λ𝑣

2
𝑋 ((𝑢2 , 𝑠),. )𝑑𝑠 +
∑ ∫
𝑛+1

𝑋 ((𝑡𝑘 , 𝑠),. )𝑑𝑠)

𝑘=1 𝑣1

−

𝑛−1 𝑢1 +Λ𝑢

2
𝑋 ((𝑡, 𝑣2 ),. )𝑑𝑡 +
∑ ∫
𝑛+1
𝑘=1 𝑢1

where 𝑡𝑘 and 𝑠𝑘 are defined as in Theorem 3.1.
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𝑋 ((𝑡, 𝑠𝑘 ),. )𝑑𝑡),
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Proof. By using Lemma 3.2 for 𝑋𝑠 (𝑡,. ) = 𝑋((𝑡, 𝑠),. ) at 𝑡 = 𝑢2 , we obtain
𝑢1 +Λ−
𝑢

∫
𝑢1

𝑛−1

Λ−𝑢
𝑋 ((𝑡, 𝑠), )𝑑𝑡 − 𝜂1 (𝑢2 , 𝑢1 )𝑋((𝑢2 , 𝑠), ) ≤
(𝑋((𝑢1 , 𝑠),. ) + 2 ∑ 𝑋 ((𝑡𝑘 , 𝑠),. ) + 𝑋((𝑢2 , 𝑠),. )). (19)
2𝑛
.

.

𝑘=1

Integrating all of (19) with respect to 𝑠 on Λ 𝑣 , we get
𝑣1 +Λ−
𝑣

∫

−
𝑣1 +Λ−
𝑣 𝑢1 +Λ𝑢

∫

∫

𝑣1

𝑢1

𝑋 ((𝑡, 𝑠),. )𝑑𝑠𝑑𝑡 ≤

Λ−𝑢
2𝑛

𝑣1 +Λ−
𝑣

𝑋 ((𝑢1 , 𝑠),. )𝑑𝑠 + (1 + 2𝑛) ∫

𝑣1

(
and for 𝑋𝑠

= 𝑋((𝑡, 𝑠),

.)

𝑣1

−

)

𝑘=1 𝑣1

at 𝑡 = 𝑢1 ,

𝑣1

𝑢1

𝑋 ((𝑡, 𝑠),. )𝑑𝑠𝑑𝑡 ≤

Λ−𝑢

𝑣1 +Λ−
𝑣

𝑋 ((𝑢1 , 𝑠),. )𝑑𝑠 + ∫

(1 + 2𝑛) ∫

−
𝑣1 +Λ−
𝑣 𝑢1 +Λ𝑢

∫

(20)

𝑋 ((𝑡𝑘 , 𝑠),. )𝑑𝑠

𝑣1 +Λ−
𝑣

∫

,

𝑛−1 𝑣1 +Λ𝑣

+2 ∑ ∫
(𝑡,. )

𝑋 ((𝑢2 , 𝑠),. )𝑑𝑠

𝑣1

𝑣1

−
𝑛−1 𝑣1 +Λ𝑣

2𝑛

+2 ∑ ∫
(

𝑋 ((𝑢2 , 𝑠),. )𝑑𝑠
.

(21)

𝑋 ((𝑡𝑘 , 𝑠),. )𝑑𝑠
)

𝑘=1 𝑣1

Adding (20) and (21),
𝑣1 +Λ−
𝑣

∫

∫

𝑣1

𝑢1

𝑋 ((𝑢1 , 𝑠),. )𝑑𝑠 + (𝑛 + 1) ∫

(𝑛 + 1) ∫

−
𝑣1 +Λ−
𝑣 𝑢1 +Λ𝑢

𝑋 ((𝑡, 𝑠),. )𝑑𝑠𝑑𝑡 ≤

Λ−𝑢

𝑣1 +Λ−
𝑣

𝑣1

−

(

∫

∫

(𝑠,. )

= 𝑋((𝑡, 𝑠),

𝑢1

𝑣1

Λ−𝑣
2𝑛

at 𝑠 = 𝑣1 and 𝑠 = 𝑣2 with Lemma 3.2, respectively,
𝑢1 +Λ−
𝑢

𝑋 ((𝑡, 𝑣1 ),. )𝑑𝑡 + (𝑛 + 1) ∫

𝑢1

−

𝑋 ((𝑡, 𝑣2 ),. )𝑑𝑡

𝑢1

.

𝑛−1 𝑢1 +Λ𝑢

+2 ∑ ∫

𝑋 ((𝑡𝑘 , 𝑠),. )𝑑𝑠

𝑘=1 𝑢1
(
The desired inequality (18) is obtained by adding (22) and (23).

)

Corollary 3.2. According to Theorem 3.2 for 𝑛 = 1, 2, respectively, we get almost everywhere
i)

−
𝑢1 +Λ−
𝑢 𝑣1 +Λ𝑣

∫
𝑢1

∫

Λ−𝑣
≤
∫
2
𝑢1

ii)

𝑋 ((𝑡, 𝑠),. ) 𝑑𝑡𝑑𝑠

𝑣1
𝑢1 +Λ−
𝑢

Λ−𝑢
(𝑋((𝑡, 𝑣1 ),. ) + 𝑋((𝑡, 𝑣2 ),. )) 𝑑𝑡 +
2

𝑣1 +𝜂2 (𝑣2 ,𝑣1 )

−
𝑢1 +Λ−
𝑢 𝑣1 +Λ𝑣

∫

∫

𝑢1

𝑣1

(22)

)

𝑘=1 𝑣1
.)

(𝑛 + 1) ∫
𝑋 ((𝑡, 𝑠),. ) 𝑑𝑡𝑑𝑠 ≤

.

𝑋 ((𝑠𝑘 , 𝑠),. )𝑑𝑠

𝑢1 +Λ−
𝑢
−
𝑢1 +Λ−
𝑢 𝑣1 +Λ𝑣

𝑣1

𝑛−1 𝑣1 +Λ𝑣

2𝑛

+2 ∑ ∫

By using the similar way for 𝑋𝑡

𝑋 ((𝑢2 , 𝑠),. )𝑑𝑠

𝑋 ((𝑡, 𝑠),. ) 𝑑𝑡𝑑𝑠
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∫
𝑣1

(𝑋((𝑢1 , 𝑠),. ) + 𝑋((𝑢2 , 𝑠),. )) 𝑑𝑠 ;

(23)
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≤

Λ−𝑣

𝑢1 +Λ−
𝑢

∫

8

(3𝑋((𝑡, 𝑣1 ),. ) + 2 (𝑋 (𝑡,

𝑢1
𝑣1 +Λ−
𝑣

+

Λ−𝑢
∫
8

(3𝑋((𝑢1 , 𝑠),. ) + 2𝑋 ((

𝑣1

Λ+𝑣 .
) , ) + 3𝑋((𝑡, 𝑣2 ),. )) 𝑑𝑡
2

Λ+𝑢
, 𝑠) ,. ) + 3𝑋((𝑢2 , 𝑠),. )) 𝑑𝑠.
2
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Abstract
Some bounded operators are part of this paper.Through this paper we shall obtain common
properties of Some bounded operators in Г-Hilbert space. Also, introduced 2-self-adjoint
operators and it’s spectrum in Г-Hilbert Space. Characterizations of these operators are also
part of this literature.
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Introduction and Preliminaries

Inner product plays an important role in advance Mathematics. Г-Hilbert space opened the scope of defining
Inner product in many way and in many cases where Inner product is not defined. Г-Hilbert space plays an
important role in generalization of general linear quadretic control problem in an abstract space[1] which was
motivated by the work of L.Debnath and Pitor Mikusinski[2] but there is not enough literature found to study
the operators of Г-Hilbert space. The definition of Г-Hilbert space was introduced by Bhattacharya D.K.
and T.E. Aman in their paper “Г-Hilbert space and linear quadratic control problem” in 2003[1].
Now we will extend this work by defining some operators and their characterizations in Г-Hilbert space .At
first we recall the definitions of Г-Hilbert space.

Definition 1.1: Let E, Г be two linear spaces over the field 𝐹. A mapping 〈. , . , . 〉: 𝐸 × Г × 𝐸 → ℝ is called a
Г-Inner product on 𝐸 if
〈. , . , . 〉 is linear in each variable.
(i)
〈𝑢, 𝛾, 𝑣〉 = 〈𝑣, 𝛾, 𝑢〉 ∀ 𝑢, 𝑣 ∈ 𝐸 𝑎𝑛𝑑 𝛾 ∈ Г.
(ii)
(iii) 〈𝑢, 𝛾, 𝑢〉 > 0 ∀ 𝛾 ≠ 0 𝑎𝑛𝑑 𝑢 ≠ 0.
[(𝐸, Г), 〈. , . , . 〉] is called a Г-inner product space over 𝐹.
A complete Г-inner product space is called Г-Hilbert Space.
Using the Г-Inner product ,we may define three types of norm in a Г-Hilbert Space, namely (1) 𝛾-Norm
(ii) Г𝑖𝑛𝑓 -Norm and (iii) Г-Norm.

Definition 1.2 :If we write ‖𝑢‖𝛾 2 = 〈𝑢, 𝛾, 𝑢〉 for 𝑢 ∈ 𝐻 and 𝛾 ∈ Г then ‖𝑢‖𝛾 2 satisfy all the conditions
of Norm,then it is called 𝛾-Norm.
Definition 1.3 :If we define ‖𝑢‖Г𝑖𝑛𝑓 = inf{‖𝑢‖𝛾 ∶ 𝛾 ∈ Г} .Clearly Г𝑖𝑛𝑓 -Norm satisfy all the condition
of the Norm for 𝑢 ∈ 𝐻.
Definition 1.4 : If we if write ‖𝑢‖Г ={‖𝑢‖𝛾 : 𝛾 ∈ Г} then this Norm is called the Г-Norm of the
Г-Hilbert Space.
*Corresponding author. e-mail address: sahincool92@gmail.com
http://dergipark.gov.tr/csj ©2020 Faculty of Science, Sivas Cumhuriyet University
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2. Materials and Results
2.1 Self- adjoint operator on Г-Hilbert space:
Let A be a bounded operator on Г-Hilbert spaceand we denote it by HГ .Then the operator 𝐴∗ : HГ → HГ

defined by
〈𝐴𝑥, 𝛾, 𝑦〉 = 〈𝑥, 𝛾, 𝐴∗ 𝑦〉 ∀𝑥, 𝑦 ∈ 𝐻Г and 𝛾 ∈ Г
is called the adjoint operator of A.
If A=𝐴∗ then A is called self-adjoint of 𝐻Г .
Properties:

Theorem 2.1.1 : Let A be a bounded operator on Г-Hilbert space 𝐻Г .Then the operators T1 = 𝐴∗ 𝐴 and T2 =
𝐴 + 𝐴∗ are self-adjoint.
Proof: For all 𝑥, 𝑦 ∈ 𝐻Г, we have
〈𝑇1 𝑥, 𝛾, 𝑦〉 = 〈𝐴∗ 𝐴𝑥, 𝛾, 𝑦〉

=〈𝐴𝑥, 𝛾, 𝐴𝑦〉
=〈𝑥, 𝛾, 𝑇1 𝑦〉 where 𝛾 ∈ Г.
And 〈𝑇2 𝑥, 𝛾, 𝑦〉 = 〈(𝐴 + 𝐴∗ )𝑥, 𝛾, 𝑦〉

= 〈𝑥, γ, (𝐴 + 𝐴∗ )∗ 𝑦〉
= 〈 𝑥, 𝛾, (𝐴 + 𝐴∗ )𝑦〉
= 〈𝑥, 𝛾, 𝑇2 𝑦〉
where 𝛾 ∈ Г .

So T1 and T2 are self –adjoint.
Note: But 𝐴 − 𝐴∗ is not self-adjoint.
If we take 𝑇3 = 𝐴 − 𝐴∗ then for all 𝑥, 𝑦 ∈ 𝐻Г, we have
〈𝑇3 𝑥, 𝛾, 𝑦〉 = 〈(𝐴 − 𝐴∗ )𝑥, 𝛾, 𝑦〉= 〈𝑥, γ, (𝐴 − 𝐴∗ )∗ 𝑦〉
= 〈 𝑥, 𝛾, (𝐴∗ − 𝐴)𝑦〉
= 〈 𝑥, 𝛾, −(𝐴 − 𝐴∗ )𝑦〉
= 〈𝑥, 𝛾, −𝑇3 𝑦〉
So 𝑇3 is not self-adjoint.
For example, if we consider a 2 × 2 matrix A which is complex such that

𝑖
A=(
𝑖

𝑖
).
1

Then clearly that 𝐴 − 𝐴∗ is not self -adjoint .
Theorem 2.1.2: If the product of two self –adjoint operators in a Г-Hilbert space is self-adjoint if and only if
the operators commute.
Proof: Let A and B be self adjoint operators. Then for all 𝑥, 𝑦 ∈ 𝐻Г , we have
〈𝐴𝐵𝑥, 𝛾, 𝑦〉 = 〈𝐵𝑥, 𝛾, 𝐴𝑦〉
= 〈𝑥, 𝛾, 𝐵𝐴𝑦〉 Where 𝛾 ∈ Г.
Thus, if 𝐴𝐵 = 𝐵𝐴 , then 𝐴𝐵 is self-adjoint. Conversely ,if 𝐴𝐵 is self-adjoint,then the above implies
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𝐴𝐵 = (𝐴𝐵)∗ = 𝐵𝐴.
Theorem 2.1.3: Let T be a self –adjoint operator on a Г-Hilbert space𝐻Г . Then

‖𝑇‖𝛾 = ‖𝑥‖𝛾𝑆𝑢𝑝
=1|〈𝑇𝑥, 𝛾, 𝑥〉| where 𝛾 ∈ Г.
𝑆𝑢𝑝

Proof:Let M= ‖𝑥‖𝛾=1|〈𝑇𝑥, 𝛾, 𝑥〉| where 𝛾 ∈ Г.

If ‖𝑥‖𝛾 = 1 then
|〈𝑇𝑥, 𝛾, 𝑥〉| ≤ ‖𝑇𝑥‖‖𝛾‖‖𝑥‖
≤ ‖𝑇𝑥‖
≤ ‖𝑇‖‖𝑥‖
≤ ‖𝑇‖𝛾
Thus M ≤ ‖𝑇‖𝛾 ……………………….

(1)

On the other hand 𝑥, 𝑧 ∈ 𝐻Г , we have –
〈𝑇(𝑥 + 𝑧), 𝛾, 𝑥 + 𝑧〉 − 〈𝑇(𝑥 − 𝑧), 𝛾, 𝑥 − 𝑧〉 = 2(〈𝑇𝑥, 𝛾, 𝑧〉 + 〈𝑇𝑧, 𝛾, 𝑥〉)
= 4 𝑅𝑒〈𝑇𝑥, 𝛾, 𝑧〉 [Since T is self-adjoint operator ]
Therefore ,
𝑅𝑒 〈𝑇𝑥, 𝛾, 𝑧〉 ≤
=

𝑀
4

𝑀
2

(‖𝑥 + 𝑧‖𝛾 2 + ‖𝑥 − 𝑧‖𝛾 2)
(‖𝑥‖𝛾 2 + ‖𝑧‖𝛾 2 ) ………………(2) [by parallelogram law]

Now Suppose ‖𝑥‖𝛾 ≤ 1 and ‖𝑧‖𝛾 ≤ 1 .Then it follows that 𝑅𝑒 〈𝑇𝑥, 𝛾, 𝑧〉 ≤ 𝑀.
If 〈𝑇𝑥, 𝛾, 𝑧〉 = 𝑟𝑒 𝑖𝜃 for 𝑟 ≥ 0 and 𝜃 ∈ ℝ , then let 𝑥0 = 𝑒 −𝑖𝜃 𝑥 , So that ‖𝑥0 ‖𝛾 = ‖𝑥‖𝛾 ≤ 1.
|〈𝑇𝑥, 𝛾, 𝑧〉| = 𝑟

And

= 〈𝑇𝑥0 , 𝛾, 𝑧〉
= 𝑅𝑒 〈𝑇𝑥0 , 𝛾, 𝑧〉
≤𝑀
Taking Supremum over all 𝑥, 𝑧 ∈ 𝐻Г with ‖𝑥‖𝛾 ≤ 1 , ‖𝑧‖𝛾 ≤ 1 , we obtain
‖𝑇‖𝛾 ≤ 𝑀 .....................
Combinding (1) and (3) we get,

‖𝑇‖𝛾 = 𝑀.

Hence prove the theorem.
Note: Above theorem does not hold if T is not a self-adjoint operator as we cannot write
2(〈𝑇𝑥, 𝛾, 𝑧〉 + 〈𝑇𝑧, 𝛾, 𝑥〉)= 4 𝑅𝑒 〈𝑇𝑥, 𝛾, 𝑧〉.
2.2 Normal operator:- A bounded operator T of a Г-Hilbert space 𝐻Г is called a Normal operator
if It commutes with its adjoint that is T𝑇 ∗ = 𝑇 ∗ 𝑇 .

Theorem 2.2.1: A bounded operator T is Normal if and only if ‖𝑇𝑥‖𝛾 = ‖𝑇 ∗ 𝑥‖𝛾 for all 𝑥 ∈ 𝐻Г and
𝛾 ∈ Г.
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Proof: For all 𝑥 ∈ 𝐻Г 𝑎𝑛𝑑 𝛾 ∈ Г , we have〈𝑇 ∗ 𝑇𝑥, 𝛾, 𝑥〉 = 〈𝑇𝑥, 𝛾, 𝑇 ∗ 𝑥〉
=‖𝑇𝑥‖𝛾 2
If T is normal, then we have〈𝑇 ∗ 𝑇𝑥, 𝛾, 𝑥〉 = 〈𝑇𝑇 ∗ 𝑥, 𝛾, 𝑥〉
= 〈𝑇 ∗ 𝑥, 𝛾, 𝑇 ∗ 𝑥〉
2
= ‖𝑇 ∗ 𝑥‖𝛾
And thus ‖𝑇𝑥‖𝛾 = ‖𝑇 ∗ 𝑥‖𝛾 .
Now assume that ‖𝑇𝑥‖𝛾 = ‖𝑇 ∗ 𝑥‖𝛾 for all 𝑥 ∈ 𝐻Г 𝑎𝑛𝑑 𝛾 ∈ Г .Then By preceding argument we have〈𝑇𝑇 ∗ 𝑥, 𝛾, 𝑥〉 = 〈𝑇 ∗ 𝑇𝑥, 𝛾, 𝑥〉 for all 𝑥 ∈ 𝐻Г 𝑎𝑛𝑑 𝛾 ∈ Г .
So we can write 𝑇𝑇 ∗ = 𝑇 ∗ 𝑇.
Note: The condition ‖𝑇𝑥‖𝛾 = ‖𝑇 ∗ 𝑥‖𝛾 for all 𝑥 ∈ 𝐻Г 𝑎𝑛𝑑 𝛾 ∈ Г is much stronger than
‖𝑇‖𝛾 =‖𝑇 ∗ ‖𝛾 .

Theorem 2.2.2 : If T is a Normal operator on 𝐻Г , then ‖𝑇 𝑛 ‖𝛾 =‖𝑇‖𝛾 𝑛 for all n ∈ 𝑁 𝑎𝑛𝑑 𝛾 ∈ Г.
Proof:From previous discussion we have- ‖𝑇 𝑛 ‖𝛾 ≤ ‖𝑇‖𝛾 𝑛 for any bounded operator T.
To show that ‖𝑇 𝑛 ‖𝛾 ≥ ‖𝑇‖𝛾 𝑛 we fix 𝑥 such that ‖𝑥‖𝛾 =1 and use induction to show that
‖𝑇 𝑛 𝑥‖𝛾 ≥ ‖𝑇𝑥‖𝛾 𝑛 ……………..(i) for all 𝑛 ∈ 𝑁 .
Clearly (i) holds for n=1. If 𝑇𝑥 = 0 ,then the inequality is trivially satisfied for all 𝑛 ∈ 𝑁 .
Assuming that 𝑇𝑥 ≠ 0 and that holds for 𝑛=1,2…,𝑚. First we see that‖𝑇 2 𝑥‖𝛾 = ‖𝑇 ∗ 𝑇𝑥‖𝛾
≥ 〈𝑇 ∗ 𝑇𝑥, 𝛾, 𝑥〉
= ‖𝑇𝑥‖𝛾 2 [by theorem 2.1.3 and theorem 2.2.1]
‖𝑇 2 𝑥‖𝛾 ≥ ‖𝑇𝑥‖𝛾 2…………..(ii)
Now from (ii) and the inductive assumption , we have𝑇𝑥

𝑇𝑥

‖𝑇 𝑚+1 𝑥‖𝛾 = ‖𝑇𝑥‖𝛾 ‖𝑇 𝑚 ‖𝑇𝑥‖ ‖ ≥ ‖𝑇𝑥‖𝛾 ‖𝑇 ‖𝑇𝑥‖ ‖
𝛾

𝛾

𝛾

= ‖𝑇𝑥‖𝛾
≥ ‖𝑇𝑥‖𝛾

1−𝑚

‖𝑇𝑥‖𝛾 2𝑚

= ‖𝑇𝑥‖𝛾 𝑚+1
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So,‖𝑇 𝑚+1 𝑥‖𝛾 ≥ ‖𝑇𝑥‖𝛾 𝑚+1
This concludes the theorem .

Theorem 2.2.3: Let 𝐻Г be a Г-Hilbert space and A ∈ 𝐵𝐿(𝐻Г ) where A be a bounded linear operator on
𝐻Г .Then
A is unitary if and only if ‖𝐴(𝑥)‖𝛾 = ‖𝐴𝑥‖𝛾 for all 𝑥 ∈ 𝐻Г , 𝛾 ∈ Г and A is Surjective. In that Case,
‖𝐴−1 (𝑥)‖𝛾 = ‖𝑥‖𝛾 for all 𝑥 ∈ 𝐻Г , 𝛾 ∈ Г and also ‖𝐴‖𝛾 = 1 = ‖𝐴−1 ‖𝛾 .
2.3. Positive operators: This is an important sub-class of self-adjoint operators to which we now turn.
Definition 2.3.1 : A self-adjoint operator A on a Г-Hilbert space 𝐻Г over K is said to be positive if
〈𝐴(𝑥), 𝛾, 𝑥〉 ≥ 0 ∀ 𝑥 ∈ 𝐻Г and 𝛾 ∈ Г.
Then we write 𝐴 ≥ 0. If A and B are self-adjoint operators and 𝐴 − 𝐵 ≥ 0, then we write 𝐴 ≥ 𝐵 or
The relation ≥ on the set of all self-adjoint operators 𝑜𝑛 𝐻Г is a partial order.

𝐵 ≤𝐴.

Example 2.3.2:Let K be a positive continuous
function defined on [𝑎, 𝑏] × Г × [𝑎, 𝑏].The integral operator T
𝑏
of 𝐻Г on 𝐿2 ([𝑎, 𝑏]) defined by (𝑇𝑥)(𝑠) = ∫𝑎 𝐾(𝑠, 𝑡)𝑥(𝑡)𝑑𝑡
Indeed we have,

〈𝑇𝑥, 𝛾, 𝑥〉 =

𝑏 𝑏
∫𝑎 ∫𝑎 𝐾(𝑥, 𝑡) 𝑥(𝑡) 𝛾
𝑏 𝑏

is positive.

̅̅̅̅̅̅
𝑥(𝑡) 𝑑𝑡 𝑑𝑠

= ∫ ∫ 𝐾(𝑥, 𝑡) |𝑥(𝑡)|2 𝛾 𝑑𝑡 𝑑𝑠
𝑎

𝑎

2

Hence 〈𝑇𝑥, 𝛾, 𝑥〉 ≥ 0 for all 𝑥 ∈ 𝐿 ([𝑎, 𝑏]) and 𝛾 ∈ Г .

Properties 2.3.3: Let A and B be two operators on 𝐻Г . Then(i)

𝐴 + 𝐵 is a positive operator on 𝐻Г .

(ii)

The composition operator AB may not be a positive operator.

We will prove property (ii) by an example
Example 2.3.4: Let 𝐻Г = 𝐾 2 where 𝐾 2 is scalar field of real number or complex number of two Dimension and
𝐴(𝑥(1), 𝛾, 𝑥(2)) = (𝑥(1) + 𝑥(2), 𝛾, 𝑥(1) + 2𝑥(2)),
𝐵(𝑥(1), 𝛾, 𝑥(2)) = (𝑥(1) + 𝑥(2), 𝛾, 𝑥(1) + 𝑥(2))
Where 𝛾 ∈ Г .
Then
𝐴𝐵(𝑥(1), 𝛾, 𝑥(2)) = (2𝑥(1) + 2𝑥(2), 𝛾, 3𝑥(1) + 3𝑥(2) for all (𝑥(1), 𝛾, 𝑥(2)) ∈ 𝐾 2
Here note that A and B are positive operators. But AB is not a positive operator since it is not
Self-adjoint operator if 𝑥 = (−4,3) then 〈𝐴𝐵(𝑥), 𝛾, 𝑥〉 = −1. So we can conclude that is A and B are Positive
operators and AB=BA then AB is a Positive Operator.
(iii)

Each orthogonal Projection is a positive operator.
Proof: Let Y be a closed subspace of 𝐻Г and let P denote the orthogonal projection
onto Y . For 𝑖=1,2, consider 𝑥𝑖 ∈ 𝐻Г , 𝑥𝑖 = 𝑦𝑖 + 𝑧𝑖 with 𝑦𝑖 ∈ 𝑌 and 𝑧𝑖 ∈ 𝑌 ⊥ , so that
P(𝑥𝑖 ) = 𝑦𝑖 . Then
〈𝑃(𝑥1 ), 𝛾, 𝑥2 〉 = 〈𝑦1 , 𝛾, 𝑦2 + 𝑧2 〉 Where 𝛾 ∈ Г .
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= 〈𝑦1 , 𝛾, 𝑦2 〉
= 〈𝑦1 + 𝑧1 , 𝛾, 𝑦2 〉
= 〈𝑥1 , 𝛾, 𝑃(𝑥2 )〉 , 𝑆𝑜 𝑡ℎ𝑎𝑡 P is self-adjoint.
Since 〈𝑃(𝑥1 ), 𝛾, 𝑥1 〉 = 〈𝑦1 , 𝛾, 𝑦1 〉 ≥ 0 for all 𝑥1 ∈ 𝐻Г and 𝛾 ∈ Г . Clearly
P is a positive operator.
2.4. 2 -Self adjoint operator on Г-Hilbert space
Definition 2.4.1:Let 𝑇𝛾 ∈ 𝐵𝐿(𝐻Г ). We say that 𝑇𝛾 is a 2-self adjoint operator defined on 𝐻Г if and
Only if 𝑇𝛾 2 = 𝑇𝛾 ∗2 . The class of a 2-self adjoint operator defined on 𝐻Г is denoted by 2-𝑆𝑒(𝐻Г ).
Example2.4.2: Let 𝑇𝛾 : 𝐻Г → 𝐻Г and 𝐻Г is any complex Г-Hilbert space, which is defined as follows
𝑇𝛾 𝑥 = 5𝑖𝑥 for all 𝑥 ∈ 𝐻Г. Then 𝑇𝛾 ∈ 2 − 𝑆𝑒(𝐻Г ).
It is clear that if 𝑇𝛾 is self adjoint operator then 𝑇𝛾 ∈ 2 − 𝑆𝑒(𝐻Г ). However 𝑇𝛾 in this example is not
Self-adjoint operator.
Note: From definition we have 𝑇𝛾 ∈ 2 − 𝑆𝑒(𝐻) if and only if 𝑇𝛾 ∗ ∈ 2 − 𝑆𝑒(𝐻).

Proposition2.4.3: Let 𝑇𝛾 , 𝑆𝛾 ∈ BL(HГ ), if 𝑇𝛾 , 𝑆𝛾 ∈ 2-𝑆𝑒(HГ ) then the following statements are true:
(i) If 𝑇𝛾 𝑆𝛾 =𝑆𝛾 𝑇𝛾 𝑡ℎ𝑒𝑛 𝑇𝛾 𝑆𝛾 as well as 𝑆𝛾 𝑇𝛾 ∈ 2-𝑆𝑒(𝐻Г ).
(ii) If (𝑇𝛾 + 𝑆𝛾 ) ∈ 2-𝑆𝑒(𝐻Г ) if and only if 𝐼𝑚(𝑆𝛾 𝑇𝛾 ) = −𝐼𝑚(𝑇𝛾 𝑆𝛾 )
Proof: (i) We have (𝑇𝛾 𝑆𝛾 )2 = Tγ 2 Sγ 2
= Tγ ∗2 Sγ ∗2
= Tγ 2∗ Sγ 2∗
= (Sγ 2 Tγ 2 )∗
= (Sγ Tγ )2∗
= (Tγ Sγ )∗2
Which implies that 𝑇γ 𝑆𝛾 and 𝑆𝛾 𝑇γ are in 2-𝑆𝑒(𝐻Г ).
(ii)

Suppose that Tγ + Sγ ∈ 2-Se(HГ ) then

(Tγ + Sγ )2 = (Tγ ∗ + Sγ ∗ )2 and (Tγ + Sγ )2 = Tγ 2 + Tγ Sγ + Sγ Tγ+ Sγ 2
Also, (Tγ ∗ + Sγ ∗ )2 = Tγ ∗2 + Tγ ∗ Sγ ∗ + Sγ ∗ Tγ ∗ + Sγ ∗2
=Tγ ∗2 + (Tγ Sγ )∗ + (Sγ Tγ )∗ + Sγ ∗2
Which implies that 𝑇𝛾 𝑆𝛾 + 𝑆𝛾 𝑇𝛾 = (𝑆𝛾 𝑇𝛾 )∗ + (𝑇𝛾 𝑆𝛾 )∗.
Hence Im(Sγ Tγ ) = −Im(Tγ Sγ ).
Now if 𝐼𝑚(𝑆𝛾 𝑇𝛾 ) = −𝐼𝑚(𝑇𝛾 𝑆𝛾 ) then (𝑆𝛾 𝑇𝛾 ) − (𝑆𝛾 𝑇𝛾 )∗ =−(𝑇𝛾 𝑆𝛾 ) + (𝑇𝛾 𝑆𝛾 )∗ .
So,

(𝑇𝛾 + 𝑆𝛾 )2 = 𝑇𝛾 2 + 𝑇𝛾 𝑆𝛾 + 𝑆𝛾 𝑇𝛾 + 𝑆𝛾 2
= 𝑇𝛾 ∗2 + (𝑆𝛾 𝑇𝛾 )∗ + (𝑇𝛾 𝑆𝛾 )∗ + 𝑆𝛾 ∗2
= (𝑇𝛾 + 𝑆𝛾 )∗2
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And

𝑇𝛾 + 𝑆𝛾 ∈ 2-𝑆𝑒(𝐻Г )

Corollary2.4.4: Let𝑇𝛾 ∈ 𝐵𝐿(𝐻Г ) be a self-adjoint operator on 𝐻Г , if 𝜆 is real or pure imaginary number then
𝜆𝑇𝛾 ∈ 2-𝑆𝑒(𝐻Г ).

2.5. Spectrum of 2-self adjoint operator:
In this section, we study the spectrum of 2-self-adjoint operator defined on Г-Hilbert space.
We denote the spectrum of 2-self adjoint operator of a Г-Hilbert space by σ (𝑇𝛾 ) which is a subset of ℝ.
Theorem 2.5.1: Let 𝑇𝛾 ∈ 2-𝑆𝑒(𝐻Г ) then σ(𝑇𝛾 ) ⊆ ℝ or σ(𝑇𝛾 ) ⊆ 𝑖 ℝ,where 𝑖 ℝ= {𝑖𝑥 ∶ 𝑥 ∈ ℝ}.
Proof: Suppose λ ∈ 𝜎(𝑇𝛾 ) and λ= 𝑎 + 𝑖𝑏 where 𝑎 and 𝑏 are real numbers.
Then by Spectrul mapping theorem we have𝜆2 ∈ 𝜎(𝑇𝛾 2 ).
Therefore 𝜆2 = 𝑎2 + 2𝑖𝑎𝑏 − 𝑏 2 is real number which implies that
2𝑖𝑎𝑏 = 0
So, 𝑎𝑏 = 0
Hence λ ∈ ℝ or λ ∈ 𝑖ℝ
Which leads σ(𝑇𝛾 ) ⊆ ℝ or σ(𝑇𝛾 ) ⊆ 𝑖 ℝ.

Proposition 2.5.2: Let 𝑇𝛾 ∈ 2-𝑆𝑒(𝐻Г ). If λ ∈ σ(𝑇𝛾 2 ) then λ is a real number.
Proof: Let λ ∈ σ(𝑇𝛾 2 ) then there exist 𝑥(≠ 0) ∈ 𝐻Г Such that 𝑇 2 𝑥 = 𝜆𝑥, therefore
〈𝜆𝑥, 𝛾, 𝑥〉 = 〈𝑇 2 𝑥, 𝛾, 𝑥〉
= 〈𝑥, 𝛾, 𝑇 ∗2 𝑥〉
= 〈𝑥, 𝛾, 𝑇 2 𝑥〉
= 〈𝑥, 𝛾, 𝜆𝑥〉
= 𝜆̅〈𝑥, 𝛾, 𝑥〉
Which implies
(𝜆 − 𝜆̅)〈𝑥, 𝛾, 𝑥〉 = 0 and λ=𝜆̅.

Theorem 2.5.3: Let𝑇𝛾 ∈ 2-𝑆𝑒(𝐻Г ) , if 𝑇𝛾 is invertable operator then 𝑇𝛾 −1 ∈ 2-𝑆𝑒(𝐻Г ).
Proof:

(𝑇𝛾 −1 )𝟐 = (𝑇𝛾 2 )−1
= (𝑇𝛾 ∗2 )−1
= ((𝑇𝛾 ∗ )−1 )2
= ((𝑇𝛾 −1 )∗ )2

Then 𝑇𝛾 −1 ∈ 2-𝑆𝑒(𝐻Г ).
Corollary 2.5.4: If 𝑇𝛾 − 𝜆 ∈ 2-𝑆𝑒(𝐻Г ) for all λ≠ 𝜎(𝑇𝛾 )𝑎𝑛𝑑 𝛾 ∈ Г, then (𝑇𝛾 − 𝜆)−1 ∈ 2-𝑆𝑒(𝐻Г ).
Proposition 2.5.5: If𝑇𝛾 ∈ 2-𝑆𝑒(𝐻Г ), 𝛾 ∈ Г and 𝑇𝛾 2 𝑜𝑟 𝑇𝛾 ∗2 is onto then
(𝑖)𝑅𝑎𝑛𝑔𝑒(𝑇𝛾 ) = 𝑅𝑎𝑛𝑔𝑒 (𝑇𝛾 ∗ )
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(𝑖𝑖)

3.

𝑇𝛾 and 𝑇𝛾 ∗ are invertible operators.

Conclusion

Here we work with two linear spaces. As a result of this study any one can introduce a new linear finite
dimensional operator and their characterizations in Г-Hilbert space .Further we will experiment on more new
operators and inequalities of Г-Hilbert space and extend our work on this topic.
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Introduction

The following definition for convex functions is well known in the mathematical analysis literature; The function
𝑓: [𝑎, 𝑏] → 𝑅 is said to be convex if the inequality
𝑓(𝑡𝑥 + (1 − 𝑡)𝑦) ≤ 𝑡𝑓(𝑥) + (1 − 𝑡)𝑓(𝑦)

(1)

is valid for all 𝑥, 𝑦 ∈ [𝑎, 𝑏] and 𝑡 ∈ [0,1] and 𝑓 is said to be concave on [𝑎, 𝑏] if the inequality (1) holds in reversed
direction.
Many inequalities have been established for convex functions. Convexity theory provides powerful principles
and techniques to study a wide class of problems in both pure and applied mathematics. See [1,2] and the
references therein.
The following integral inequality, it is well known in the literature as Simpson’s inequality
Theorem 1. Let 𝐼 = [𝑎, 𝑏] and 𝑓 ∶ 𝐼 → 𝑅 a four-time continuously differentiable mapping on (𝑎, 𝑏) and
‖𝑓 (4) ‖∞ = 𝑠𝑢𝑝𝑥∈(𝑎,𝑏) |𝑓 (4) (𝑥)| < ∞. Then the following inequality holds:
𝑏

1 𝑓(𝑎) + 𝑓(𝑏)
𝑎+𝑏
1
1
+ 2𝑓(
)] −
∫ 𝑓(𝑥)𝑑𝑥 | ≤
| [
‖𝑓 (4) ‖∞ (𝑏 − 𝑎)4
3
2
2
𝑏−𝑎
2880

(2)

𝑎

There are many important studies in the literature on Simpson type integral inequalities. For recent results,
generalizations and improvements about Simpson’s inequality see [3-6] and the references therein.

*Corresponding author. e-mail address: senoldemir@ktu.edu.tr.
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Definition 1. Let 𝒉: 𝑱 → 𝑹 be a non-negative function, 𝒉 ≠ 𝟎. We say that 𝒇: 𝑰 → 𝑹 is an h-convex function,
or that 𝒇 belongs to class SX(h,I) if 𝒇 is no negative and 𝒙, 𝒚 ∈ 𝑰 and 𝜶 ∈ (𝟎, 𝟏). We have
𝑓(𝛼𝑥 + (1 − 𝛼)𝑦) ≤ ℎ(𝛼)𝑓(𝑥) + ℎ(1 − 𝛼)𝑓(𝑦)

(3)

If this inequality is reversed, then 𝒇 is said to be h-concave, i.e. 𝒇 ∈ 𝑺𝑽(𝒉, 𝑰) [7].
In [8], Kadakal obtained the trigonometrically convex function as follows.

Definition 2. A non- negative function 𝒇: 𝑰 → 𝑹 is called trigonometrically convex if for every 𝒙, 𝒚 ∈ I and
𝒕 ∈ [𝟎, 𝟏].

𝜋𝑡
𝜋𝑡
𝑓(𝑡𝑥 + (1 − 𝑡)𝑦) ≤ 𝑠𝑖𝑛 ( ) 𝑓(𝑥) + 𝑐𝑜𝑠 ( ) 𝑓(𝑦)
2
2

(4)

The class of all trigonometrically convex functions is denoted 𝑇𝐶(𝐼) on the interval 𝐼.
Example 1. Non-negative constant functions are trigonometrically convex,
𝜋𝑡

𝜋𝑡

since 𝑠𝑖𝑛 ( 2 ) + 𝑐𝑜𝑠 ( 2 ) ≥ 1 for all 𝑡 ∈ [0,1].
Lemma 1. i) Every non-negative convex function is a trigonometrically convex function.
𝜋𝑡
ii) Every trigonometrically convex function is h-convex function with ℎ(𝑡) = 𝑠𝑖𝑛( 2 ).
We note that space of trigonometrically convex functions is a convex cone in the vector space of functions
𝑓: [𝑎, 𝑏] → 𝑅.

Theorem 2. Let 𝑓, 𝑔 ∶ [𝑎, 𝑏] → 𝑅. If f and g are trigonometrically convex functions, then
(i) 𝑓 + 𝑔 is trigonometrically convex function,
(ii) for 𝑐 ∈ 𝑅 (𝑐 ≥ 0), 𝑐. 𝑓 is trigonometrically convex function.
Some results for these classes of convex functions have been obtained in recent years. In [9], Kadakal obtained
of Hermite-Hadamard inequality whose second derivatives are trigonometrically convex. Also In [10], Bekar
proved Hermite-Hadamard inequality which holds for trigonometrically P-convex functions.
1

1

Theorem 3. (Hölder inequality for integrals) Let 𝑝 > 1 and 𝑝 + 𝑞 = 1. If 𝑓 and 𝑔 are real functions
defined on [𝑎, 𝑏] and if |𝑓|𝑞 , |𝑔|𝑞 are integrable functions on [𝑎, 𝑏] , 𝑞 ≥ 1 then
𝑏

1
𝑝

𝑏

𝑏

1
𝑞

∫|𝑓(𝑥)𝑔(𝑥)|𝑑𝑥 ≤ (∫|𝑓(𝑥)|𝑝 𝑑𝑥 ) (∫|𝑔(𝑥)|𝑞 𝑑𝑥)
𝑎

𝑎

(5)

𝑎

with equality holding if and only if 𝐴|𝑓(𝑥)|𝑝 = 𝐵|𝑔(𝑥)|𝑞 , almost everywhere, where 𝐴 and 𝐵 are constants

[11].
Power-mean integral inequality as a result of the Hölder integral inequality can be given as follows:
Theorem 4. (Power-mean integral inequality) Let 𝑞 ≥ 1. If 𝑓 and 𝑔 are real functions defined on [𝑎, 𝑏] and
if |𝑓| , |𝑓||𝑔|𝑞 are integrable functions on [𝑎, 𝑏], then
𝑏

𝑏

∫|𝑓(𝑥)𝑔(𝑥)|𝑑𝑥 ≤ (∫|𝑓(𝑥)|𝑑𝑥 )
𝑎

𝑎

1
𝑞

1−

1
𝑞

𝑏

(∫|𝑓(𝑥)||𝑔(𝑥)|𝑞 ) .

(6)

𝑎

In [12], Işcan achieved the following integral inequality which gives better approach than the cllassical hölder
integral inequality:

863
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1

1

Theorem 5. (Hölder-İşcan inequality for integrals) Let 𝑝 > 1 and 𝑝 + 𝑞 = 1. If 𝑓 and 𝑔 are real
functions defined on interval [𝑎, 𝑏] and |𝑓|𝑞 and |𝑔|𝑞 are integrable functions on [𝑎, 𝑏], then
𝑏

1
𝑝

𝑏

∫|𝑓(𝑥)𝑔(𝑥)|𝑑𝑥 ≤
𝑎

1
𝑞

𝑏

1
(∫(𝑏 − 𝑥) |𝑓(𝑥)|𝑝 𝑑𝑥) (∫(𝑏 − 𝑥) |𝑔(𝑥)|𝑞 𝑑𝑥)
𝑏−𝑎
𝑎
𝑎
{
1
1
𝑏

𝑏

𝑝

+ (∫(𝑥 − 𝑎)

|𝑓(𝑥)|𝑝

𝑞

𝑑𝑥) (∫(𝑥 − 𝑎)

𝑎

|𝑔(𝑥)|𝑞

𝑑𝑥)

.

(7)

𝑎

}
In [13], a different representation of the Hölder-İşcan inequality is given as follows:
Theorem 6. (Improved power-Mean Integral Inequality) Let 𝑞 ≥ 1 and

1
𝑝

1

+ 𝑞 = 1. If 𝑓 and 𝑔 are real

functions defined on interval [𝑎, 𝑏] and |𝑓| and |𝑓||𝑔|𝑞 are integrable functions on [𝑎, 𝑏], then
𝑏

∫|𝑓(𝑥)𝑔(𝑥)|𝑑𝑥 ≤
𝑎

1
𝑞

1−

𝑏

1
(∫(𝑏 − 𝑥) |𝑓(𝑥)|𝑑𝑥)
𝑏−𝑎
𝑎
{
1

(∫(𝑏 − 𝑥) |𝑓(𝑥)||𝑔(𝑥)|𝑞 𝑑𝑥)
𝑎

1−

𝑏

1
𝑞

𝑏

1
𝑞

𝑏

𝑞

(∫(𝑥 − 𝑎) |𝑓(𝑥)||𝑔(𝑥)|𝑞 𝑑𝑥)

+ (∫(𝑥 − 𝑎) |𝑓(𝑥)|𝑑𝑥)
𝑎

𝑎

.

(8)

}

2. Simpson’s Type Inequalities for Trigonometrıcally Convex

In this section, in order to prove our main theorems by subracting Simpson type integral inequalities for
trigonometrically convex funtions, we will use the following lemma. This lemma can be easily obtained by taking
partial integration in the lemma [14].
Lemma 2 Let 𝐼 ⊆ 𝑅, 𝑓: 𝐼 → 𝑅 be a absolutely countinous mapping 𝐼 0 where 𝑎, 𝑏 ∈ 𝐼 with 𝑎 < 𝑏, then the
following equality holds:
𝑏

1

1
𝑎+𝑏
1
) + 𝑓(𝑏)] −
∫ 𝑓(𝑥)𝑑𝑥 = (𝑏 − 𝑎) ∫ 𝑝(𝑡)𝑓′(𝑡𝑏 + (1 − 𝑡)𝑎) 𝑑𝑡
[𝑓(𝑎) + 4𝑓 (
6
2
𝑏−𝑎
𝑎

(9)

0

where
1
,
6
𝑝(𝑡) = {
5
𝑡− ,
6
𝑡−

1
𝑡 ∈ [0, )
2 .
1
𝑡 ∈ [ , 1]
2

Theorem 7. Let 𝑓: 𝐼 ⊂ [0, ∞) → 𝑅 be a differentiable mapping 𝐼 0 such that 𝑓 ′ ∈ 𝐿1 [𝑎, 𝑏], where 𝑎, 𝑏 ∈ 𝐼,
with 𝑎 < 𝑏. If |𝑓′| is trigonometrically convex function on [𝑎, 𝑏], then the following inequality holds for 𝑡 ∈
[0,1]:
𝑏

1
𝑎+𝑏
1
) + 𝑓(𝑏)] −
∫ 𝑓(𝑥)𝑑𝑥 |
| [𝑓(𝑎) + 4𝑓 (
6
2
𝑏−𝑎
𝑎

≤ (𝑏 − 𝑎) (

24(1 + √2 − √6) + 2𝜋
) 𝐴(|𝑓 ′ (𝑎)|, |𝑓 ′ (𝑏)|)
3𝜋 2
1

1

where A is the arithmetic mean, 𝑝 + 𝑞 = 1.
864

(10)
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Proof: By using the Lemma 2, trigonometrically convexity of the function |𝑓 ′ | and the inequality
|𝑓 ′ (𝑡𝑏 + (1 − 𝑡)𝑎)| ≤ 𝑠𝑖𝑛 (

𝜋𝑡
𝜋𝑡
) |𝑓 ′ (𝑏)| + 𝑐𝑜𝑠 ( ) |𝑓 ′ (𝑎)|,
2
2

we obtain
𝑏

1

1
𝑎+𝑏
1
) + 𝑓(𝑏)] −
∫ 𝑓(𝑥)𝑑𝑥 | ≤ (𝑏 − 𝑎) |∫ 𝑝(𝑡)𝑓′(𝑡𝑏 + (1 − 𝑡)𝑎) 𝑑𝑡|
| [𝑓(𝑎) + 4𝑓 (
6
2
𝑏−𝑎
𝑎

0

1/2

1

1
5
≤ (𝑏 − 𝑎) ∫ |𝑡 − | |𝑓′(𝑡𝑏 + (1 − 𝑡)𝑎)| 𝑑𝑡 + (𝑏 − 𝑎) ∫ |𝑡 − | |𝑓′(𝑡𝑏 + (1 − 𝑡)𝑎)| 𝑑𝑡
6
6
0

1/2

1/2

1
𝜋𝑡
𝜋𝑡
≤ (𝑏 − 𝑎) ∫ |𝑡 − | [𝑐𝑜𝑠 ( ) |𝑓 ′ (𝑎)| + 𝑠𝑖𝑛 ( ) |𝑓 ′ (𝑏)|] 𝑑𝑡
6
2
2
0

1

5
𝜋𝑡
𝜋𝑡
+(𝑏 − 𝑎) ∫ |𝑡 − | [𝑐𝑜𝑠 ( ) |𝑓 ′ (𝑎)| + 𝑠𝑖𝑛 ( ) |𝑓 ′ (𝑏)|] 𝑑𝑡
6
2
2
1/2

1/6

1
𝜋𝑡
𝜋𝑡
= (𝑏 − 𝑎) ∫ ( − 𝑡) [𝑐𝑜𝑠 ( ) |𝑓 ′ (𝑎)| + 𝑠𝑖𝑛 ( ) |𝑓 ′ (𝑏)|] 𝑑𝑡
6
2
2
0

1/2

1
𝜋𝑡
𝜋𝑡
+ (𝑏 − 𝑎) ∫ (𝑡 − ) [𝑐𝑜𝑠 ( ) |𝑓 ′ (𝑎)| + 𝑠𝑖𝑛 ( ) |𝑓 ′ (𝑏)|] 𝑑𝑡
6
2
2
1/6

5/6

5
𝜋𝑡
𝜋𝑡
+ (𝑏 − 𝑎) ∫ ( − 𝑡) [𝑐𝑜𝑠 ( ) |𝑓 ′ (𝑎)| + 𝑠𝑖𝑛 ( ) |𝑓 ′ (𝑏)|] 𝑑𝑡
6
2
2
1/2
1

5
𝜋𝑡
𝜋𝑡
+ (𝑏 − 𝑎) ∫ (𝑡 − ) [𝑐𝑜𝑠 ( ) |𝑓 ′ (𝑎)| + 𝑠𝑖𝑛 ( ) |𝑓 ′ (𝑏)|] 𝑑𝑡
6
2
2
5/6

1/6

1/2

5/6

1
𝜋𝑡
1
𝜋𝑡
5
𝜋𝑡
= (𝑏 − 𝑎) [∫ ( − 𝑡) 𝑐𝑜𝑠 ( ) 𝑑𝑡 + ∫ (𝑡 − ) 𝑐𝑜𝑠 ( ) 𝑑𝑡 + ∫ ( − 𝑡) 𝑐𝑜𝑠 ( ) 𝑑𝑡
6
2
6
2
6
2
0

1/6

1/2

1/6

1

1/2

5
𝜋𝑡
1
𝜋𝑡
1
𝜋𝑡
+ ∫ (𝑡 − ) 𝑐𝑜𝑠 ( ) 𝑑𝑡] |𝑓 ′ (𝑎)| + (𝑏 − 𝑎) [∫ ( − 𝑡) 𝑠𝑖𝑛 ( ) 𝑑𝑡 + ∫ (𝑡 − ) 𝑠𝑖𝑛 ( ) 𝑑𝑡
6
2
6
2
6
2
5/6

5/6

0

1/6

1

5
𝜋𝑡
5
𝜋𝑡
+ ∫ ( − 𝑡) 𝑠𝑖𝑛 ( ) 𝑑𝑡 + ∫ (𝑡 − ) 𝑠𝑖𝑛 ( ) 𝑑𝑡] |𝑓 ′ (𝑏)|
6
2
6
2
1/2

5/6

= (𝑏 − 𝑎) (

4√2(1 − √3) 12 + 𝜋
4√2(1 − √3) 12 + 𝜋
+
+
) |𝑓 ′ (𝑎)| + (𝑏 − 𝑎) (
) |𝑓 ′ (𝑏)|
2
2
𝜋
3𝜋
𝜋2
3𝜋 2

= (𝑏 − 𝑎) (

24(1 + √2 − √6) + 2𝜋
) 𝐴(|𝑓 ′ (𝑎)|, |𝑓′(𝑏)|)
3𝜋 2

where
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1/6

𝜋

12 − 12 cos ( )
1
𝜋𝑡
12
∫ ( − 𝑡) 𝑐𝑜𝑠 ( ) 𝑑𝑡 =
,
6
2
3𝜋 2
0
1/2

𝜋

√2𝜋 + 6√2 − 12𝑐𝑜𝑠(12)
1
𝜋𝑡
∫ (𝑡 − ) 𝑐𝑜𝑠 ( ) 𝑑𝑡 =
,
6
2
3𝜋 2

1/6

5/6

5𝜋

−√2𝜋 + 6√2 − 12 cos ( )
5
𝜋𝑡
12
∫ ( − 𝑡) 𝑐𝑜𝑠 ( ) 𝑑𝑡 =
,
6
2
3𝜋 2

1/2
1

5𝜋

𝜋 − 12𝑐𝑜𝑠 ( 12 )
5
𝜋𝑡
∫ (𝑡 − ) 𝑐𝑜𝑠 ( ) 𝑑𝑡 =
,
6
2
3𝜋 2

5/6
1/6

𝜋

𝜋 − 12 sin ( )
1
𝜋𝑡
12
∫ ( − 𝑡) 𝑠𝑖𝑛 ( ) 𝑑𝑡 =
,
6
2
3𝜋 2
0
1/2

𝜋

−√2𝜋 + 6√2 − 12𝑠𝑖𝑛 (12)
1
𝜋𝑡
∫ (𝑡 − ) 𝑠𝑖𝑛 ( ) 𝑑𝑡 =
,
6
2
3𝜋 2

1/6

5/6

5𝜋

√2𝜋 + 6√2 − 12 sin ( 12 )
5
𝜋𝑡
∫ ( − 𝑡) 𝑠𝑖𝑛 ( ) 𝑑𝑡 =
,
6
2
3𝜋 2

1/2
1

5𝜋

12 − 12𝑠𝑖𝑛 ( 12 )
5
𝜋𝑡
∫ (𝑡 − ) 𝑠𝑖𝑛 ( ) 𝑑𝑡 =
.
6
2
3𝜋 2

5/6

This completes the proof of the Theorem.
An immediate consequence of Theorem 7 is the following Corollary:
Corollary 1. Let 𝑓: 𝐼 ⊂ [0, ∞) → 𝑅 be a differentiable mapping 𝐼 0 such that 𝑓 ′ ∈ 𝐿1 [𝑎, 𝑏] where 𝑎, 𝑏 ∈
𝑎+𝑏
𝐼 with 𝑎 < 𝑏. If 𝑓(𝑎) = 𝑓 ( 2 ) = 𝑓(𝑏) and |𝑓′| is trigonometrically convex function on [𝑎, 𝑏], then we have,
𝑏

1
𝑎+𝑏
24(1 + √2 − √6) + 2𝜋
∫ 𝑓(𝑥)𝑑𝑥 − 𝑓(
)| ≤ (𝑏 − 𝑎) (
|
) 𝐴(|𝑓 ′ (𝑎)|, |𝑓 ′ (𝑏)|).
𝑏−𝑎
2
3𝜋 2
𝑎

Theorem 8. Let 𝑓: 𝐼 ⊂ [0, ∞) → 𝑅 be a differentiable mapping 𝐼 0 such that 𝑓 ′ ∈ 𝐿1 [𝑎, 𝑏] where 𝑎, 𝑏 ∈
1
1
𝐼 with 𝑎 < 𝑏. If |𝑓 ′ |𝑞 is trigonometrically convex function on [𝑎, 𝑏] and 𝑞 > 1 with 𝑝 + 𝑞 = 1. Then the
following inequality holds for 𝑡 ∈ [0,1].
𝑏

1
𝑎+𝑏
1
) + 𝑓(𝑏)] −
∫ 𝑓(𝑥)𝑑𝑥 |
| [𝑓(𝑎) + 4𝑓 (
6
2
𝑏−𝑎
𝑎

1

1
𝑝

1

𝑞
𝑞
1 + 2𝑝+1
2 − √2 ′
2 − √2 ′
√2
√2 ′
|𝑓 (𝑏)|𝑞 ) + (
|𝑓 (𝑎)|𝑞 +
|𝑓 (𝑏)|𝑞 ) ] (11)
≤ (𝑏 − 𝑎) ( 𝑝+1
) [( |𝑓 ′ (𝑎)|𝑞 +
6 (𝑝 + 1)
𝜋
𝜋
𝜋
𝜋

Proof: By using the Lemma 2, trigonometrically convexity of the function |𝑓 ′ |𝑞 , the inequality
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𝜋𝑡
𝜋𝑡
|𝑓 ′ (𝑡𝑏 + (1 − 𝑡)𝑎)|𝑞 ≤ 𝑠𝑖𝑛 ( ) |𝑓 ′ (𝑏)|𝑞 + 𝑐𝑜𝑠 ( ) |𝑓 ′ (𝑎)|𝑞
2
2
and well-known Hölder integral inequality, we have
𝑏

1
𝑎+𝑏
1
) + 𝑓(𝑏)] −
∫ 𝑓(𝑥)𝑑𝑥 |
| [𝑓(𝑎) + 4𝑓 (
6
2
𝑏−𝑎
𝑎

1

≤ (𝑏 − 𝑎) |∫ 𝑝(𝑡)𝑓′(𝑡𝑏 + (1 − 𝑡)𝑎) 𝑑𝑡|
0
1/2

1

1
5
≤ (𝑏 − 𝑎) ∫ |𝑡 − | |𝑓′(𝑡𝑏 + (1 − 𝑡)𝑎)| 𝑑𝑡 + (𝑏 − 𝑎) ∫ |𝑡 − | |𝑓′(𝑡𝑏 + (1 − 𝑡)𝑎)| 𝑑𝑡
6
6
0

1/2

1/𝑝

1/2

1𝑝
≤ (𝑏 − 𝑎) (∫ |𝑡 − | 𝑑𝑡)
6

(∫ |𝑓 ′ (𝑡𝑏 + (1 − 𝑡)𝑎)|𝑞 𝑑𝑡)

0

0

1/𝑝

1

5𝑝
+(𝑏 − 𝑎) ( ∫ |𝑡 − | 𝑑𝑡)
6

( ∫|𝑓 ′ (𝑡𝑏 + (1 − 𝑡)𝑎)|𝑞 𝑑𝑡)
1/2
1/𝑝

1𝑝
= (𝑏 − 𝑎) (∫ |𝑡 − | 𝑑𝑡)
6

1/2

1/𝑝

1 + 2𝑝+1
= (𝑏 − 𝑎) ( 𝑝+1
)
6 (𝑝 + 1)

1/𝑞

1/2

0

1/𝑝

5𝑝
+(𝑏 − 𝑎) ( ∫ |𝑡 − | 𝑑𝑡)
6

1/2

𝜋𝑡
𝜋𝑡
(∫ 𝑠𝑖𝑛 ( ) |𝑓 ′ (𝑏)|𝑞 𝑑𝑡 + ∫ 𝑐𝑜𝑠 ( ) |𝑓 ′ (𝑎)|𝑞 𝑑𝑡)
2
2

0

1

1/𝑞

1

1/2

1/2

1/𝑞

1/2

0

1

1

1/2

1/2

1/𝑞

𝜋𝑡
𝜋𝑡
( ∫ 𝑠𝑖𝑛 ( ) |𝑓 ′ (𝑏)|𝑞 𝑑𝑡 + ∫ 𝑐𝑜𝑠 ( ) |𝑓 ′ (𝑎)|𝑞 𝑑𝑡)
2
2
1

where
1/2

1

𝜋𝑡
𝜋𝑡
2 − √2
∫ 𝑠𝑖𝑛 ( ) 𝑑𝑡 = ∫ 𝑐𝑜𝑠 ( ) 𝑑𝑡 =
,
2
2
𝜋
0

1/2

1

1/2

𝜋𝑡
𝜋𝑡
√2
∫ 𝑠𝑖𝑛 ( ) 𝑑𝑡 = ∫ 𝑐𝑜𝑠 ( ) 𝑑𝑡 =
2
2
𝜋

1/2

0

and
1/6

1/2

5/6

1

𝑝
𝑝
1
1 𝑝
5
5 𝑝
1 + 2𝑝+1
∫ ( − 𝑡) 𝑑𝑡 + ∫ (𝑡 − ) 𝑑𝑡 = ∫ ( − 𝑡) 𝑑𝑡 + ∫ (𝑡 − ) 𝑑𝑡 = 𝑝+1
6
6
6
6
6 (𝑝 + 1)
0

1/6

1/𝑞

𝑞
2 − √2 ′
2 − √2
√2 ′
√2
|𝑓 (𝑏)|𝑞 +
|𝑓 (𝑎)|𝑞 ) + (
|𝑓′(𝑏)|𝑞 +
|𝑓′(𝑎)|𝑞 )
[(
𝜋
𝜋
𝜋
𝜋

1/2

5/6

which completes the proof.
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Corollary 2. Let 𝑓: 𝐼 ⊂ [0, ∞) → 𝑅 be a differentiable mapping 𝐼 0 such that 𝑓 ′ ∈ 𝐿1 [𝑎, 𝑏] where 𝑎, 𝑏 ∈
𝐼 with 𝑎 < 𝑏. If |𝑓′(𝑎)| = |𝑓′(𝑏)| and |𝑓 ′ |2 is trigonometrically convex function on [𝑎, 𝑏] and 𝑞 > 1 with
1
1
+ 𝑞 = 1. Then we get the following the inequality:
𝑝
𝑏

1
𝑎+𝑏
1
𝑏−𝑎 ′
) + 𝑓(𝑏)] −
∫ 𝑓(𝑥)𝑑𝑥 | ≤
. |𝑓 (𝑎)|.
| [𝑓(𝑎) + 4𝑓 (
6
2
𝑏−𝑎
3√𝜋
𝑎

𝑎+𝑏
)
2

Corollary 3. Under the assumption of Corollary 2 with 𝑓(𝑎) = 𝑓 (

= 𝑓(𝑏), then we have

𝑏

1
𝑎+𝑏
𝑏−𝑎
∫ 𝑓(𝑥)𝑑𝑥 − 𝑓 (
)| ≤
. |𝑓′(𝑎)|
|
𝑏−𝑎
2
3√𝜋
𝑎

Theorem 9. Let 𝑓: 𝐼 ⊂ [0, ∞) → 𝑅 be a differentiable mapping 𝐼 0 such that 𝑓 ′ ∈ 𝐿1 [𝑎, 𝑏] where 𝑎, 𝑏 ∈
𝐼 with 𝑎 < 𝑏. If |𝑓 ′ |𝑞 is trigonometrically convex function on [𝑎, 𝑏] and 𝑞 > 1, then the following inequality
holds:
𝑏

1
𝑎+𝑏
1
) + 𝑓(𝑏)] −
∫ 𝑓(𝑥)𝑑𝑥 |
| [𝑓(𝑎) + 4𝑓 (
6
2
𝑏−𝑎
𝑎

≤ 2(𝑏 − 𝑎) (

+2(𝑏 − 𝑎) (

2

𝑝+2

6𝑝+2 (𝑝

1
𝑝

+ 3𝑝 + 5
𝜋 − 2√2 ′
4 − 2√2 ′
|𝑓 (𝑏)|𝑞 +
|𝑓 (𝑎)|𝑞 )
) (
2
+ 1)(𝑝 + 2)
𝜋
𝜋2
1
𝑝

2√2 −
2
+ 4) + 1
) (
𝑝+2
6 (𝑝 + 1)(𝑝 + 2)
𝜋2
𝑝+1 (3𝑝

√2
𝜋
2

|𝑓 ′ (𝑏)|𝑞 +

√2
𝜋
2

1
𝑞

1
𝑞

+ 2√2 − 4

|𝑓 ′ (𝑎)|𝑞 )

𝜋2

1
1
𝑝

+2(𝑏 − 𝑎) (

+2(𝑏 − 𝑎) (

2𝑝+1 (3𝑝 + 4) + 1
) (
6𝑝+2 (𝑝 + 1)(𝑝 + 2)
2

𝑝+2

√2
𝜋
2

+ 2√2
𝜋2

𝑞
√2
−4
2√2 − 2 𝜋
|𝑓 ′ (𝑏)|𝑞 +
|𝑓 ′ (𝑎)|𝑞 )
𝜋2
1
𝑞

1
𝑝

+ 3𝑝 + 5
4 − 2√2 ′
𝜋 − 2√2 ′
|𝑓 (𝑏)|𝑞 +
|𝑓 (𝑎)|𝑞 )
) (
2
1)(𝑝 + 2)
𝜋
𝜋2

6𝑝+2 (𝑝 +
1
𝑝

where, with

1

+ 𝑞 = 1.

Proof: Since |𝑓 ′ |𝑞 trigonometrically convex function
𝜋𝑡
𝜋𝑡
|𝑓 ′ (𝑡𝑏 + (1 − 𝑡)𝑎)|𝑞 ≤ 𝑠𝑖𝑛 ( ) |𝑓 ′ (𝑏)|𝑞 + 𝑐𝑜𝑠 ( ) |𝑓 ′ (𝑎)|𝑞
2
2
from Lemma 2 and using the Hölder-İşcan integral inequality, we have the inequality
𝑏

1
𝑎+𝑏
1
) + 𝑓(𝑏)] −
∫ 𝑓(𝑥)𝑑𝑥 |
| [𝑓(𝑎) + 4𝑓 (
6
2
𝑏−𝑎
𝑎

1

≤ (𝑏 − 𝑎) |∫ 𝑝(𝑡)𝑓′(𝑡𝑏 + (1 − 𝑡)𝑎) 𝑑𝑡|
0
1/2

1

1
5
≤ (𝑏 − 𝑎) ∫ |𝑡 − | |𝑓′(𝑡𝑏 + (1 − 𝑡)𝑎)| 𝑑𝑡 + (𝑏 − 𝑎) ∫ |𝑡 − | |𝑓′(𝑡𝑏 + (1 − 𝑡)𝑎)| 𝑑𝑡
6
6
0

1/2
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1/2

1
𝑝

𝑝

1/2

1
1
1
≤ 2(𝑏 − 𝑎) (∫ ( − 𝑡) |𝑡 − | 𝑑𝑡) (∫ ( − 𝑡) |𝑓 ′ (𝑡𝑏 + (1 − 𝑡)𝑎)|𝑞 𝑑𝑡)
2
6
2
0

1
𝑞

0

1
𝑝

1/2

1/2

1𝑝
+2(𝑏 − 𝑎) (∫ 𝑡 |𝑡 − | 𝑑𝑡) (∫ 𝑡|𝑓 ′ (𝑡𝑏 + (1 − 𝑡)𝑎)|𝑞 𝑑𝑡)
6
0

1
𝑞

0

1

1
𝑝

𝑝

1

5
+2(𝑏 − 𝑎) ( ∫(1 − 𝑡) |𝑡 − | 𝑑𝑡) ( ∫(1 − 𝑡)|𝑓 ′ (𝑡𝑏 + (1 − 𝑡)𝑎)|𝑞 𝑑𝑡)
6
1/2

1
𝑞

1/2

1

1
𝑝

𝑝

1

1
5
1
+2(𝑏 − 𝑎) ( ∫ (𝑡 − ) |𝑡 − | 𝑑𝑡) ( ∫ (𝑡 − ) |𝑓 ′ (𝑡𝑏 + (1 − 𝑡)𝑎)|𝑞 𝑑𝑡)
2
6
2
1/2

1
𝑞

1/2

1/2

1
𝑝

𝑝

1/2

1
𝑞

1/2

1
1
1
𝜋𝑡
1
𝜋𝑡
≤ 2(𝑏 − 𝑎) (∫ ( − 𝑡) |𝑡 − | 𝑑𝑡) (∫ ( − 𝑡) sin ( ) |𝑓 ′ (𝑏)|𝑞 𝑑𝑡 + ∫ ( − 𝑡) cos ( ) |𝑓 ′ (𝑎)|𝑞 𝑑𝑡)
2
6
2
2
2
2
0

0

1/2

1
𝑝

𝑝

0

1/2

1/2

1
𝜋𝑡
𝜋𝑡
+2(𝑏 − 𝑎) (∫ 𝑡 |𝑡 − | 𝑑𝑡) (∫ 𝑡 sin ( ) |𝑓 ′ (𝑏)|𝑞 𝑑𝑡 + ∫ 𝑡 cos ( ) |𝑓 ′ (𝑎)|𝑞 𝑑𝑡)
6
2
2
0

0

1

1
𝑞

0

1
𝑝

𝑝

1

1

1/2

1/2

5
𝜋𝑡
𝜋𝑡
+2(𝑏 − 𝑎) ( ∫(1 − 𝑡) |𝑡 − | 𝑑𝑡) ( ∫(1 − 𝑡) sin ( ) |𝑓 ′ (𝑏)|𝑞 𝑑𝑡 + ∫(1 − 𝑡) cos ( ) |𝑓 ′ (𝑎)|𝑞 𝑑𝑡)
6
2
2
1/2
1

1
𝑝

𝑝

1

1

1/2

1/2

1
𝑞

1
5
1
𝜋𝑡
1
𝜋𝑡
+2(𝑏 − 𝑎) ( ∫ (𝑡 − ) |𝑡 − | 𝑑𝑡) ( ∫ (𝑡 − ) sin ( ) |𝑓 ′ (𝑏)|𝑞 𝑑𝑡 + ∫ (𝑡 − ) cos ( ) |𝑓 ′ (𝑎)|𝑞 𝑑𝑡)
2
6
2
2
2
2
1/2

1

1
𝑝

𝑞
2𝑝+2 + 3𝑝 + 5
𝜋 − 2√2 ′
4 − 2√2 ′
𝑞
𝑞
|𝑓
(𝑏)|
|𝑓
(𝑎)|
= 2(𝑏 − 𝑎) ( 𝑝+2
+
) (
)
6 (𝑝 + 1)(𝑝 + 2)
𝜋2
𝜋2

+2(𝑏 − 𝑎) (

1
𝑝

2√2 −
2
+ 4) + 1
) (
𝑝+2
6 (𝑝 + 1)(𝑝 + 2)
𝜋2
𝑝+1 (3𝑝

√2
𝜋
2

|𝑓 ′ (𝑏)|𝑞 +

√2
𝜋
2

+ 2√2 − 4
𝜋2

1
𝑞

|𝑓 ′ (𝑎)|𝑞 )
1

1
𝑝

+2(𝑏 − 𝑎) (

2𝑝+1 (3𝑝 + 4) + 1
) (
6𝑝+2 (𝑝 + 1)(𝑝 + 2)

√2
𝜋
2

+ 2√2
𝜋2

𝑞
√2
−4
2√2 − 2 𝜋
|𝑓 ′ (𝑏)|𝑞 +
|𝑓 ′ (𝑎)|𝑞 )
𝜋2
1

1

𝑞
𝑝 4 − 2√2
2𝑝+2 + 3𝑝 + 5
𝜋 − 2√2 ′
′ (𝑏)|𝑞
𝑞
|𝑓
|𝑓
(𝑎)|
+2(𝑏 − 𝑎) ( 𝑝+2
+
) (
)
6 (𝑝 + 1)(𝑝 + 2)
𝜋2
𝜋2
where

1/2

1

1
1𝑝
1
5𝑝
2𝑝+2 + 3𝑝 + 5
∫ ( − 𝑡) |𝑡 − | 𝑑𝑡 = ∫ (𝑡 − ) |𝑡 − | 𝑑𝑡 = 𝑝+2
2
6
2
6
6 (𝑝 + 1)(𝑝 + 2)

0
1/2

1/2

1

1𝑝
5𝑝
2𝑝+1 (3𝑝 + 4) + 1
∫ 𝑡 |𝑡 − | 𝑑𝑡 = ∫(1 − 𝑡) |𝑡 − | 𝑑𝑡 = 𝑝+2
6
6
6 (𝑝 + 1)(𝑝 + 2)
0

1/2
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1/2

1

1
𝜋𝑡
1
𝜋𝑡
𝜋 − 2√2
∫ ( − 𝑡) sin ( ) 𝑑𝑡 = ∫ (𝑡 − ) cos ( ) 𝑑𝑡 =
2
2
2
2
𝜋2

0
1/2

1/2
1

1
𝜋𝑡
1
𝜋𝑡
4 − 2√2
∫ ( − 𝑡) cos ( ) 𝑑𝑡 = ∫ (𝑡 − ) sin ( ) 𝑑𝑡 =
2
2
2
2
𝜋2

0
1/2

1

1/2

0
1/2

1/2
1

2√2 −
𝜋𝑡
𝜋𝑡
∫ 𝑡 sin ( ) 𝑑𝑡 = ∫(1 − 𝑡) cos ( ) 𝑑𝑡 =
2
2
𝜋2
𝜋𝑡
𝜋𝑡
∫ 𝑡 cos ( ) 𝑑𝑡 = ∫(1 − 𝑡) sin ( ) 𝑑𝑡 =
2
2
0

1/2

√2
𝜋
2

√2
𝜋
2

+ 2√2 − 4
𝜋2

The proof is completed.

Theorem 10. Let 𝑓: 𝐼 ⊂ [0, ∞) → 𝑅 be a differentiable mapping 𝐼 0 such that 𝑓 ′ ∈ 𝐿1 [𝑎, 𝑏] where 𝑎, 𝑏 ∈ 𝐼 with
𝑎 < 𝑏. If |𝑓 ′ |𝑞 is trigonometrically convex function on [𝑎, 𝑏] and 𝑞 ≥ 1 with

1
𝑝

1

+ 𝑞 = 1. Then the following

inequality holds for 𝑡 ∈ [0,1]:
𝑏

1
𝑎+𝑏
1
) + 𝑓(𝑏)] −
∫ 𝑓(𝑥)𝑑𝑥 |
| [𝑓(𝑎) + 4𝑓 (
6
2
𝑏−𝑎
𝑎

1−

≤ (𝑏 − 𝑎) (

[(

5
)
72

1
𝑞

𝜋

𝜋

1

𝑞
𝜋(1 − √2) + 6√2 − 24𝑠𝑖𝑛
√2(6 + 𝜋) + 12 − 24𝑐𝑜𝑠 12
12
𝑞
𝑞
) |𝑓′𝑏)| + (
) |𝑓′𝑎)| ] +
{[(
3𝜋 2
3𝜋 2

√2(6 + 𝜋) + 12 −

5𝜋
24𝑠𝑖𝑛
12

3𝜋 2

) |𝑓′𝑏)|𝑞 + (

𝜋(1 − √2) + 6√2 −

5𝜋
24𝑐𝑜𝑠
12

3𝜋 2

1
𝑞

) |𝑓′𝑎)|𝑞 ]

}
Proof: From the Lemma 2, power-mean integral inequality and trigonometrically convexity of the function |𝑓 ′ |𝑞 ,
we have
𝑏

1
𝑎+𝑏
1
) + 𝑓(𝑏)] −
∫ 𝑓(𝑥)𝑑𝑥 |
| [𝑓(𝑎) + 4𝑓 (
6
2
𝑏−𝑎
𝑎

1

≤ (𝑏 − 𝑎) |∫ 𝑝(𝑡)𝑓′(𝑡𝑏 + (1 − 𝑡)𝑎) 𝑑𝑡|
0
1/2

1

1
5
≤ (𝑏 − 𝑎) ∫ |𝑡 − | |𝑓′(𝑡𝑏 + (1 − 𝑡)𝑎)| 𝑑𝑡 + (𝑏 − 𝑎) ∫ |𝑡 − | |𝑓′(𝑡𝑏 + (1 − 𝑡)𝑎)| 𝑑𝑡
6
6
0

1/2

1
1−
𝑞

1/2

1
≤ (𝑏 − 𝑎) (∫ |𝑡 − | 𝑑𝑡)
6
0

1

1
1−
𝑞

5
+(𝑏 − 𝑎) ( ∫ |𝑡 − | 𝑑𝑡)
6
1/2

1/𝑞

1/2

1
(∫ |𝑡 − | |𝑓 ′ (𝑡𝑏 + (1 − 𝑡)𝑎)|𝑞 𝑑𝑡)
6
0

1

5
( ∫ |𝑡 − | |𝑓 ′ (𝑡𝑏 + (1 − 𝑡)𝑎)|𝑞 𝑑𝑡)
6
1/2

870

1
𝑞

(13)
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1−

1/2

1
= (𝑏 − 𝑎) (∫ |𝑡 − | 𝑑𝑡)
6

1
𝑞

0

1−

1

5
+(𝑏 − 𝑎) ( ∫ |𝑡 − | 𝑑𝑡)
6

1/2

1
1
(∫ ( − 𝑡) |𝑓 ′ (𝑡𝑏 + (1 − 𝑡)𝑎)|𝑞 𝑑𝑡 + ∫ (𝑡 − ) |𝑓 ′ (𝑡𝑏 + (1 − 𝑡)𝑎)|𝑞 𝑑𝑡)
6
6
0

1
𝑞

1/2

1/6

5/6

1

5
5
( ∫ ( − 𝑡) |𝑓 ′ (𝑡𝑏 + (1 − 𝑡)𝑎)|𝑞 𝑑𝑡 + ∫ (𝑡 − ) |𝑓 ′ (𝑡𝑏 + (1 − 𝑡)𝑎)|𝑞 𝑑𝑡)
6
6
1/2
1/6

1−

1/2

1/6

1
≤ (𝑏 − 𝑎) (∫ |𝑡 − | 𝑑𝑡)
6

1
𝜋𝑡
𝜋𝑡
∫ ( − 𝑡) (𝑠𝑖𝑛 ( ) |𝑓 ′ (𝑏)|𝑞 + 𝑐𝑜𝑠 ( ) |𝑓 ′ (𝑎)|𝑞 ) 𝑑𝑡
6
2
2

1
𝑞

0

5/6

0

1/2

1
𝜋𝑡
𝜋𝑡
+ ∫ (𝑡 − ) (𝑠𝑖𝑛 ( ) |𝑓 ′ (𝑏)|𝑞 + 𝑐𝑜𝑠 ( ) |𝑓 ′ (𝑎)|𝑞 ) 𝑑𝑡
6
2
2
( 1/6
)
5/6

5
𝜋𝑡
𝜋𝑡
∫ ( − 𝑡) (𝑠𝑖𝑛 ( ) |𝑓 ′ (𝑏)|𝑞 + 𝑐𝑜𝑠 ( ) |𝑓 ′ (𝑎)|𝑞 ) 𝑑𝑡
6
2
2

1
1−
𝑞

1

5
+(𝑏 − 𝑎) ( ∫ |𝑡 − | 𝑑𝑡)
6

1/2

1

1/2

(
1
𝑞

5
)
72

1
1−
𝑞

5
+(𝑏 − 𝑎) ( )
72

5/6

𝜋
2√2 − 8𝑠𝑖𝑛 12
((
𝜋2

1−

= (𝑏 − 𝑎) (

5
𝜋𝑡
𝜋𝑡
+ ∫ (𝑡 − ) (𝑠𝑖𝑛 ( ) |𝑓 ′ (𝑏)|𝑞 + 𝑐𝑜𝑠 ( ) |𝑓 ′ (𝑎)|𝑞 ) 𝑑𝑡
6
2
2

5𝜋
2√2 − 8𝑠𝑖𝑛
12
((
𝜋2

+

+

1 − √2
) |𝑓 ′ (𝑏)|𝑞 +
3𝜋

𝜋
2√2 − 8𝑐𝑜𝑠 12
(
+
𝜋2

12 + √2𝜋
) |𝑓 ′ (𝑏)|𝑞 +
3𝜋 2

)
1
𝑞

12 + √2𝜋
) |𝑓 ′ (𝑎)|𝑞 )
3𝜋 2

5𝜋
2√2 − 8𝑐𝑜𝑠
12
(
𝜋2

1
𝑞

+

1 − √2
) |𝑓 ′ (𝑎)|𝑞 )
3𝜋

where
1/2

1

1
5
5
∫ |𝑡 − | 𝑑𝑡 = ∫ |𝑡 − | 𝑑𝑡 =
,
6
6
72
0

1/2

when the above inequalities are adjusted, the desired proof of the Theorem 10 is completed.
For 𝑞 = 1 we use the proof methods of Theorem 7, it follows the above methods step by step.

Corollary 4. Under the assumption of Theorem 10 with 2 with 𝑞 = 1, we get the conclusion of Thereom 7.
Theorem 11. Let 𝑓: 𝐼 ⊂ 𝑅 → 𝑅 be a differentiable mapping 𝐼 0 such that 𝑓 ′ ∈ 𝐿1 [𝑎, 𝑏] where 𝑎, 𝑏 ∈ 𝐼 with
𝑎 < 𝑏. If |𝑓 ′ |𝑞 is trigonometrically convex function on [𝑎, 𝑏] and 𝑞 ≥ 1 with

1
𝑝

1
𝑞

+ = 1. Then the following

inequality holds for 𝑡 ∈ [0,1]:
𝑏

1
𝑎+𝑏
1
) + 𝑓(𝑏)] −
∫ 𝑓(𝑥)𝑑𝑥 |
| [𝑓(𝑎) + 4𝑓 (
6
2
𝑏−𝑎
𝑎

1
𝑞

1−

1
≤ 2(𝑏 − 𝑎) ( )
81

𝜋
96 cos (12) −

𝜋
8𝜋 sin (12) +

𝜋
𝜋 (2
3𝜋 3

𝜋
12

𝜋
12

− 2√2) − 48 − 24√2

−96 sin ( ) − 8𝜋 cos ( ) + 𝜋(8 − 2√2) + 24√2
(

3𝜋 3

871

1
𝑞

|𝑓 ′ (𝑏)|𝑞

|𝑓 ′ (𝑎)|𝑞

)
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𝜋
−96 cos (12) −

1

29 1−𝑞
+2(𝑏 − 𝑎) (
)
1296

𝜋
4𝜋 sin (12) −

√2
𝜋(2 𝜋
3𝜋 3

𝜋

𝜋

3𝜋 3
5𝜋
96 cos ( 12 )

1
𝑞

1−

5𝜋
− 4𝜋 sin ( 12 ) +

√2
𝜋(2 𝜋
3𝜋 3

5𝜋
12

5𝜋
12

−96 sin ( ) − 4𝜋 cos ( ) − 𝜋 (
(

√2
𝜋
2

+ 5√2 − 2) − 24√2

|𝑓 ′ (𝑎)|𝑞
|𝑓 ′ (𝑏)|𝑞

− 5√2) + 48 + 24√2

|𝑓 ′ (𝑎)|𝑞

)

1
𝑞

5𝜋

−96 cos ( 12 ) − 8𝜋 sin ( 12 ) − 𝜋(2√2 − 8) + 24√2

1
1−
𝑞

)
1
𝑞

3𝜋 3
5𝜋

|𝑓 ′ (𝑏)|𝑞

√2

96 sin (12) − 4𝜋 cos (12) + 𝜋 ( 2 𝜋 + 5√2 − 2) − 24√2
(

29
+2(𝑏 − 𝑎) (
)
1296

− 5√2) + 24√2 + 48

1
𝑞

|𝑓 ′ (𝑏)|𝑞
3𝜋 3
(14)
5𝜋
5𝜋
𝜋
96 sin ( ) − 8𝜋 cos ( ) + 𝜋 ( − 2√2) − 48 − 24√2
12
12
2
|𝑓 ′ (𝑎)|𝑞
(
)
3𝜋 3
Proof: From Lemma 2, improved power-mean integral inequality and definition of trigonometrically of the
function |𝑓 ′ |𝑞 , we have
1
+2(𝑏 − 𝑎) ( )
81

𝑏

1
𝑎+𝑏
1
) + 𝑓(𝑏)] −
∫ 𝑓(𝑥)𝑑𝑥 |
| [𝑓(𝑎) + 4𝑓 (
6
2
𝑏−𝑎
𝑎

1

≤ (𝑏 − 𝑎) |∫ 𝑝(𝑡)𝑓′(𝑡𝑏 + (1 − 𝑡)𝑎) 𝑑𝑡|
0
1/2

1

1
5
≤ (𝑏 − 𝑎) ∫ |𝑡 − | |𝑓′(𝑡𝑏 + (1 − 𝑡)𝑎)| 𝑑𝑡 + (𝑏 − 𝑎) ∫ |𝑡 − | |𝑓′(𝑡𝑏 + (1 − 𝑡)𝑎)| 𝑑𝑡
6
6
0

1/2

1−

1/2

1
1
≤ 2(𝑏 − 𝑎) (∫ ( − 𝑡) |𝑡 − | 𝑑𝑡)
2
6

1
𝑞

0

1−

1/2

1
+2(𝑏 − 𝑎) (∫ 𝑡 |𝑡 − | 𝑑𝑡)
6
0

1
𝑞

0

1/𝑞

1
𝜋𝑡
𝜋𝑡
(∫ 𝑡 |𝑡 − | (𝑠𝑖𝑛 ( ) |𝑓 ′ (𝑏)|𝑞 + 𝑐𝑜𝑠 ( ) |𝑓 ′ (𝑎)|𝑞 ) 𝑑𝑡)
6
2
2
0

5
+2(𝑏 − 𝑎) ( ∫(1 − 𝑡) |𝑡 − | 𝑑𝑡)
6

1
𝑞

1/2

1

5
𝜋𝑡
𝜋𝑡
( ∫(1 − 𝑡) |𝑡 − | (𝑠𝑖𝑛 ( ) |𝑓 ′ (𝑏)|𝑞 + 𝑐𝑜𝑠 ( ) |𝑓 ′ (𝑎)|𝑞 ) 𝑑𝑡)
6
2
2

1
5
+2(𝑏 − 𝑎) ( ∫ (𝑡 − ) |𝑡 − | 𝑑𝑡)
2
6
1/2

1
𝑞

1

1
5
𝜋𝑡
𝜋𝑡
( ∫ (𝑡 − ) |𝑡 − | (𝑠𝑖𝑛 ( ) |𝑓 ′ (𝑏)|𝑞 + 𝑐𝑜𝑠 ( ) |𝑓 ′ (𝑎)|𝑞 ) 𝑑𝑡)
2
6
2
2
1/2

𝜋
𝜋
96 cos (12) − 8𝜋 sin (12) +

𝜋
𝜋 (2
3𝜋 3

1

1 1−𝑞
= 2(𝑏 − 𝑎) ( )
81

𝜋

− 2√2) − 48 − 24√2

1
𝑞

|𝑓 ′ (𝑏)|𝑞

𝜋

−96 sin (12) − 8𝜋 cos (12) + 𝜋(8 − 2√2) + 24√2
(

1
𝑞

1/2

1−

1

1
1
𝜋𝑡
𝜋𝑡
(∫ ( − 𝑡) |𝑡 − | (𝑠𝑖𝑛 ( ) |𝑓 ′ (𝑏)|𝑞 + 𝑐𝑜𝑠 ( ) |𝑓 ′ (𝑎)|𝑞 ) 𝑑𝑡)
2
6
2
2

1/2

1−

1

1/𝑞

1/2

3𝜋 3

872

|𝑓 ′ (𝑎)|𝑞

)

1
𝑞
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𝜋
−96 cos (12) −

1

29 1−𝑞
+2(𝑏 − 𝑎) (
)
1296

𝜋
4𝜋 sin (12) −

√2𝜋
𝜋( 2
3𝜋 3

𝜋

𝜋

3𝜋 3
5𝜋
96 cos ( 12 )

1
𝑞

1−

5𝜋
− 4𝜋 sin ( 12 ) +

√2
𝜋(2 𝜋
3𝜋 3

5𝜋
12

5𝜋
12

−96 sin ( ) − 4𝜋 cos ( ) − 𝜋 (
(

1
+2(𝑏 − 𝑎) ( )
81

√2
𝜋
2

|𝑓 ′ (𝑎)|𝑞

+ 5√2 − 2) − 24√2

)
1
𝑞

|𝑓 ′ (𝑏)|𝑞

− 5√2) + 48 + 24√2

3𝜋 3
5𝜋

1
1−
𝑞

|𝑓 ′ (𝑏)|𝑞

√2

96 sin (12) − 4𝜋 cos (12) + 𝜋 ( 2 𝜋 + 5√2 − 2) − 24√2
(

29
+2(𝑏 − 𝑎) (
)
1296

− 5√2) + 24√2 + 48

1
𝑞

|𝑓 ′ (𝑎)|𝑞

)

1
𝑞

5𝜋

−96 cos ( 12 ) − 8𝜋 sin ( 12 ) − 𝜋(2√2 − 8) + 24√2

|𝑓 ′ (𝑏)|𝑞
3𝜋 3
5𝜋
5𝜋
𝜋
96 sin ( 12 ) − 8𝜋 cos ( 12 ) + 𝜋 ( 2 − 2√2) − 48 − 24√2
|𝑓 ′ (𝑎)|𝑞
(
)
3𝜋 3

where
1/2

1/2

1

1
1
1
5
1
∫ ( − 𝑡) |𝑡 − | 𝑑𝑡 = ∫ (𝑡 − ) |𝑡 − | 𝑑𝑡 =
2
6
2
6
81
0

1/2

1

1
5
29
and ∫ 𝑡 |𝑡 − | 𝑑𝑡 = ∫(1 − 𝑡) |𝑡 − | 𝑑𝑡 =
6
6
1296
0

1/2

and
1/2

𝜋

𝜋

𝜋

96 cos (12) − 8𝜋 sin (12) + 𝜋 ( 2 − 2√2) − 48 − 24√2
1
1
𝜋𝑡
∫ ( − 𝑡) |𝑡 − | sin( ) 𝑑𝑡 =
2
6
2
3𝜋 3

0
1/2

𝜋

𝜋

−96 sin (12) − 8𝜋 cos (12) + 𝜋(8 − 2√2) + 24√2
1
1
𝜋𝑡
∫ ( − 𝑡) |𝑡 − | cos ( ) 𝑑𝑡 =
2
6
2
3𝜋 3

0
1/2

𝜋

𝜋

√2𝜋
2

−96 cos ( ) − 4𝜋 sin ( ) − 𝜋 (
1
𝜋𝑡
12
12
∫ 𝑡 |𝑡 − | sin ( ) 𝑑𝑡 =
6
2
3𝜋 3

0
1/2

𝜋

𝜋

− 5√2) + 24√2 + 48

√2

96 sin ( ) − 4𝜋 cos ( ) + 𝜋 ( 𝜋 + 5√2 − 2) − 24√2
1
𝜋𝑡
12
12
2
∫ 𝑡 |𝑡 − | cos ( ) 𝑑𝑡 =
6
2
3𝜋 3
0

1

5𝜋

5𝜋

√2

96 cos ( 12 ) − 4𝜋 sin ( 12 ) + 𝜋 ( 2 𝜋 + 5√2 − 2) − 24√2
5
𝜋𝑡
∫(1 − 𝑡) |𝑡 − | sin( ) 𝑑𝑡 =
6
2
3𝜋 3

1/2
1

5𝜋

5𝜋

√2

−96 sin ( 12 ) − 4𝜋 cos ( 12 ) − 𝜋 ( 2 𝜋 − 5√2) + 48 + 24√2
5
𝜋𝑡
∫(1 − 𝑡) |𝑡 − | cos( ) 𝑑𝑡 =
6
2
3𝜋 3

1/2
1

5𝜋

5𝜋

−96 cos ( ) − 8𝜋 sin ( ) − 𝜋(2√2 − 8) + 24√2
1
5
𝜋𝑡
12
12
∫ (𝑡 − ) |𝑡 − | sin( ) 𝑑𝑡 =
2
6
2
3𝜋 3

1/2
1

5𝜋

5𝜋

𝜋

96 sin ( 12 ) − 8𝜋 cos ( 12 ) + 𝜋 ( 2 − 2√2) − 48 − 24√2
1
5
𝜋𝑡
∫ (𝑡 − ) |𝑡 − | cos( ) 𝑑𝑡 =
.
2
6
2
3𝜋 3

1/2

Therefore, the proof is completed.

Corollary 5. If we choose 𝑞 = 1 in Theorem 11, the inequality (14) becomes the inequality (10).
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Abstract
In this work, we initiate and study notion of connectedness for fuzzy supra soft topological
spaces and present fundamentals properties. Moreover, we discuss its properties as well as
with respect to fuzzy supra soft subspaces and fuzzy supra irresolute soft functions.
Furthermore, we generalize 𝐶𝑖 -fuzzy soft connectedness (𝑖 = 1,2,3,4), which plays an
important role in fuzzy soft topological spaces, to fuzzy supra soft topological spaces. The
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Introduction

Fuzzy set theory initiated by Zadeh [1]. He introduced it to became an important mathematical tool in solving
different types of complicated problems, which having uncertainties in real life problems. But, it has many
difficulties, like constructing the membership function. Due to similar reasons, soft set theory was introduced [2]
by Molodtsov. Recently, many papers published in soft set theory. Not only applied mathematicians, but also
theoretic mathematicians are interested in this topic.
After introducing the soft set, fuzzy soft set (fs-set) theory was initiated by Maji et al. [3] and its basic properties
̆ man et al [5]. The notion of fuzzy soft topological spaces
were investigated by Ahmad and Kharal [4] and Ça𝒈
was introduced by Tanay and Kandemir [6] as a generalization to soft topological spaces [7] and fuzzy topological
spaces [8]. More topological properties to fuzzy soft topological spaces were investigated in [9, 10]. As an
extension to the notion of supra soft topological spaces [11] and fuzzy soft topological spaces [6,9], Abd El-latif
[12] proposed the definition of fuzzy supra soft topological spaces. More topological properties, like fssgeneralized closed (open) sets and fss-almost compact spaces, were investigated in [13].
Lin [14] introduced the notion of soft connectedness. Mahanta et al. [9] generalized this notion to fuzzy soft
topological spaces . After that, Kandil et al. [15] in 2015, initiated the concept of fuzzy soft semi connected sets
as a generalization to that’s in [9]. Recently, Hussain [16], Karataş et al. [17] and Kandil et al. [18, 19, 20]
investigated many properties of fuzzy soft connectedness. Our purpose of this paper is to present and study the
concept of fss-connectedness and study its basic properties in detail.

2.

Preliminaries

In this section, we recall the following notions and results for the development of fs-set theory and fssts’s, which
will be needed in this paper.
Definition 2.1 [1] A fuzzy set A on X is characterized by a membership function 𝜇𝐴 : 𝑋 ⟶ 𝐼 whose value 𝜇𝐴 (𝑥)
represents the "degree of membership" of 𝑥 in 𝐴 for 𝑥 ∈ 𝑋.
Definition 2.2 [2] A pair (𝐺, 𝐸), denoted by 𝐺𝐸 , is called a soft set over 𝑋 , where 𝐺: 𝐸 → 𝑃(𝑋). The family of
all soft sets over 𝑋 is denoted by 𝑆(𝑋)𝐸 .
*Corresponding author. e-mail address: 𝐴𝑙𝑎𝑎. 𝑎𝑙𝑖@𝑛𝑏𝑢. 𝑒𝑑𝑢. 𝑠𝑎
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Definition 2.3 [3] A pair (𝑓, 𝐴), denoted by 𝑓𝐴 , is called a fuzzy soft set (fs-set, for short) over 𝑋, where 𝐴 ⊆ 𝐸
and 𝑓: 𝐴 → 𝐼 𝑋 defined by 𝑓𝐴 (𝑒) = 𝜇𝑓𝑒𝐴 where 𝜇𝑓𝑒𝐴 = 0 if 𝑒 ∈ 𝐴 and 𝜇𝑓𝑒𝐴 ≠ 0 if 𝑒 ∈ 𝐴, where 0(𝑒) = 0 ∀ 𝑥 ∈ 𝑋.
The family of all fs-sets over 𝑋 denoted by 𝐹𝑆𝑆(𝑋)𝐸 .
Definition 2.4 [10] The complement of a fuzzy soft set (𝑓, 𝐴), denoted by (𝑓, 𝐴)𝑐 , is defined by (𝑓, 𝐴)𝑐 =
(𝑓 𝑐 , 𝐴), 𝑓𝐴𝑐 : 𝐸 → 𝐼 𝑋 is a mapping given by 𝜇𝑒𝑓𝑐 = 1 − 𝜇𝑓𝑒𝐴 ∀ 𝑒 ∈ 𝐴, where 1(𝑒) = 1 ∀ 𝑥 ∈ 𝑋. Clearly (𝑓𝐴𝑐 )𝑐 =
𝐴
𝑓𝐴 .
Definition 2.5 [21] A fuzzy soft set 𝑓𝐴 over 𝑋 is said to be a null fuzzy soft set, denoted by 0̃𝐴, if for all 𝑒 ∈ 𝐴,
𝑓𝐴 (𝑒) = 0.
Definition 2.6 [21] A fuzzy soft set 𝑓𝐴 over 𝑋 is said to be an absolute fuzzy soft set, denoted by 1̃𝐴 , if for all
𝑒 ∈ 𝐴, 𝑓𝐴 (𝑒) = 1, where 1 is the membership function of absolute fuzzy set over 𝑋, which takes value 1 for all
for all 𝑥 ∈ 𝑋. Clearly, we have (1̃𝐴 )𝑐 = 0̃𝐴 and (0̃𝐴 )𝑐 = 1̃𝐴 .
Definition 2.7 [10] Let 𝑓𝐴 , 𝑔𝐵 ∈ 𝐹𝑆𝑆(𝑋)𝐸 . Then, 𝑓𝐴 is fuzzy soft subset of 𝑔𝐵 , denoted by 𝑓𝐴 ⊑ 𝑔𝐵 , if 𝜇𝑓𝑒𝐴 ⊆
𝜇𝑔𝑒 𝐵 ∀ 𝑒 ∈ 𝐴, i.e. 𝜇𝑓𝑒𝐴 (𝑥) ≤ 𝜇𝑔𝑒 𝐵 (𝑥) ∀ 𝑥 ∈ 𝑋 𝑎𝑛𝑑 ∀ 𝑒 ∈ 𝐴.
Definition 2.8 [10]. The union of two fuzzy soft sets 𝑓𝐴 and 𝑔𝐵 over the common universe 𝑋 is also a fuzzy soft
set ℎ𝐶 , where 𝐶 = 𝐴 ∪ 𝐵 and for all 𝑒 ∈ 𝐶,
ℎ𝐶 (𝑒) = 𝜇𝑒ℎ𝑐 = 𝜇𝑓𝑒𝐴 ∨ 𝜇𝑔𝑒 𝐵 ∀𝑒 ∈ 𝐶. Here, we write ℎ𝐶 = 𝑓𝐴 ⊔ 𝑔𝐵 .
Definition 2.9 [10]. The intersection of two fuzzy soft sets 𝑓𝐴 and 𝑔𝐵 over the common universe 𝑋 is also a fuzzy
soft set ℎ𝐶 , where 𝐶 = 𝐴 ∩ 𝐵 and for all 𝑒 ∈ 𝐶,
ℎ𝐶 (𝑒) = 𝜇𝑒ℎ𝑐 = 𝜇𝑓𝑒𝐴 ∧ 𝜇𝑔𝑒 𝐵 ∀𝑒 ∈ 𝐶. Here, we write ℎ𝐶 = 𝑓𝐴 ⊓ 𝑔𝐵 .
Definition 2.10 [22]. The family 𝔗 ⊆ 𝐹𝑆𝑆(𝑋)𝐸 is called a fuzzy soft topology (fst, for short) on 𝑋 if
(1) 1̃𝐸 , 0̃𝐸 ∈ 𝔗,
(2) If {𝑓𝑖𝐶 ; 𝑖 ∈ 𝐼} ⊆ 𝔗, then ⊔𝑖∈𝐼 𝑓𝑖𝐶 ∈ 𝔗,
(3) If 𝑓𝐴 , 𝑔𝐵 ∈ 𝔗, then 𝑓𝐴 ⊓ 𝑔𝐵 ∈ 𝔗.
The triplet (𝑋, 𝔗, 𝐸) is called fuzzy soft topological space. Also, each member of 𝔗 is called a fuzzy open soft
in (𝑋, 𝔗, 𝐸).
Definition 2.11 [23] The fs-set 𝑓𝐴 ∈ 𝐹𝑆𝑆(𝑋)𝐸 is called fuzzy soft point if there exist 𝑥 ∈ 𝑋 and 𝑒 ∈ 𝐸 such that
𝜇𝑓𝑒𝐴 (𝑥) = 𝛼 (0 < 𝛼 ≤ 1) and 𝜇𝑓𝑒𝐴 (𝑦) = 0 for each 𝑦 ∈ 𝑋 − {𝑥}, and this fuzzy soft point is denoted by 𝑥𝛼𝑒 or 𝑓𝑒 .
̃ 𝑔𝐵 , if for
Definition 2.12 [23] The soft fuzzy point 𝑓𝐴𝑒 is said to be belonging to the fs-set 𝑔𝐵 , denoted by 𝑓𝐴𝑒 ∈
𝑒
𝑒
the element 𝑒 ∈ 𝐴 ∩ 𝐵, 𝜇𝑓𝐴 (𝑥) ≤ 𝜇𝑔𝐵 (𝑥).
Definition 2.13 [9] Let (𝑋, 𝔗, 𝐸) be a fsts. A fuzzy soft separation (fs-separation, for short) of 1̃𝐸 is a pair of non
null proper fuzzy open soft sets 𝑔𝐵 , ℎ𝐶 such that 𝑔𝐵 ⊓ ℎ𝐶 = 0̃𝐸 and 1̃𝐸 = 𝑔𝐵 ⊔ ℎ𝐶 .
Definition 2.14 [9] A fsts (𝑋, 𝔗, 𝐸) is said to be fs-connected if and only if there is no fs-separations of 1̃𝐸 .
Otherwise, (𝑋, 𝔗, 𝐸) is said to be fs-disconnected space.
Definition 2.15 [12] Let 𝔗 be a family of fs-sets over a universe 𝑋. Then 𝔗 is called fuzzy supra soft topology
(briefey fsst) on 𝑋 if
(1) 1̃𝐸 , 0̃𝐸 ∈ 𝔗,
(2) If {𝑓𝑖𝐶 ; 𝑖 ∈ 𝐼} ⊆ 𝔗, then ⊔𝑖∈𝐼 𝑓𝑖𝐶 ∈ 𝔗.
The triplet (𝑋, 𝔗, 𝐸) is called a fuzzy supra soft topological space (briefly fssts). Also, each member of 𝔗 is called
a fuzzy supra open soft set (fsos-set for short) in (𝑋, 𝔗, 𝐸). A fs-set 𝑓𝐴 over 𝑋 is said to be fuzzy supra closed soft
set ((fscs-set for short)) in 𝑋, if its relative complement 𝑓𝐴𝑐 is a fsos-set. We denote the set of all fsos- (fscs-) sets
by 𝐹𝑆𝑂𝑆(𝑋) (𝐹𝑆𝐶𝑆(𝑋)).
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Definition 2.16 [12] Let (𝑋, 𝔗∗ , 𝐸) be a fsts and (𝑋, 𝔗, 𝐸) be a fssts. We say that 𝔗 is a fsst associated with 𝔗∗ if
𝔗∗ ⊂ 𝔗.
Definition 2.17 [12] Let (𝑋, 𝔗, 𝐸) be a fssts and 𝑔𝐵 ∈ 𝐹𝑆𝑆(𝑋)𝐸 . Then the fuzzy supra soft interior of 𝑔𝐵 , denoted
by 𝐹𝑖𝑛𝑡 𝑠 (𝑔𝐵 ) is defined as
𝐹𝑖𝑛𝑡 𝑠 (𝑔𝐵 ) =⊔ {ℎ𝐴 : ℎ𝐴 𝑖𝑠 𝑓𝑠𝑜𝑠 − 𝑠𝑒𝑡 𝑎𝑛𝑑 ℎ𝐴 ⊑ 𝑔𝐵 }.

(1)
𝑠

Also, the fuzzy supra soft closure of 𝑔𝐵 , denoted by 𝐹𝑐𝑙 (𝑔𝐵 ) is defined as
𝐹𝑐𝑙 𝑠 (𝑔𝐵 ) =⊓ {ℎ𝐴 : ℎ𝐴 𝑖𝑠 𝑓𝑠𝑐𝑠 − 𝑠𝑒𝑡 𝑎𝑛𝑑 𝑔𝐵 ⊑ ℎ𝐴 }.

(2)

Definition 2.18 [24] Let 𝐹𝑆𝑆(𝑋)𝐸 and 𝐹𝑆𝑆(𝑌)𝐾 be families of fs-sets over 𝑋 and 𝑌, respectively. Let 𝑢: 𝑋 → 𝑌
and 𝑝: 𝐸 → 𝐾 be mappings. Then the map 𝑓𝑝𝑢 is called a fuzzy soft mapping from 𝑋 to 𝑌 and denoted by
𝑓𝑝𝑢 : 𝐹𝑆𝑆(𝑋)𝐸 → 𝐹𝑆𝑆(𝑌)𝐾 such that,
If 𝑓𝐴 ∈ 𝐹𝑆𝑆(𝑋)𝐸 . Then the image of 𝑓𝐴 under the fuzzy soft mapping 𝑓𝑝𝑢 is the fs-set over 𝑌 defined by 𝑓𝑝𝑢 (𝑓𝐴 ),
where ∀ 𝑘 ∈ 𝑝(𝐸), ∀ 𝑦 ∈ 𝑌,
∨
(1) 𝑓𝑝𝑢 (𝑓𝐴 )(𝑘)(𝑦) = {𝑢(𝑥)=𝑦
0

𝑖𝑓 𝑥 ∈ 𝑢 −1 (𝑦),

[∨𝑝(𝑒)=𝑘 (𝑓𝐴 (𝑒))](𝑥)

𝑜𝑡ℎ𝑒𝑟𝑤𝑖𝑠𝑒.

If 𝑔𝐵 ∈ 𝐹𝑆𝑆(𝑌)𝐾 , then the pre-image of 𝑔𝐵 under the fuzzy soft mapping 𝑓𝑝𝑢 is the fs-set over 𝑋 defined by
−1
𝑓𝑝𝑢
(𝑔𝐵 ), where ∀ 𝑒 ∈ 𝑝−1 (𝐾), ∀ 𝑥 ∈ 𝑋,
𝑔 (𝑝(𝑒))(𝑢(𝑥))
𝑓𝑜𝑟 𝑝(𝑒) ∈ 𝐵,
−1
(2) 𝑓𝑝𝑢
(𝑔𝐵 )(𝑒)(𝑥) = { 𝐵
0
𝑜𝑡ℎ𝑒𝑟𝑤𝑖𝑠𝑒.
The fuzzy soft mapping 𝑓𝑝𝑢 is called surjective (resp. injective) if 𝑝 and 𝑢 are surjective (resp. injective), also it
is said to be constant if 𝑝 and 𝑢 are constant.
Definition 2.19 [12] Let (𝑋, 𝔗∗1 , 𝐸), (𝑌, 𝔗∗ 2 , 𝐾) be two fssts’s and 𝔗1 , 𝔗2 be associated fsst’s with 𝔗∗1 , 𝔗∗ 2 ,
respectively. Then, soft function 𝑓𝑝𝑢 : 𝐹𝑆𝑆(𝑋)𝐸 → 𝐹𝑆𝑆(𝑌)𝐾 is called fuzzy supra soft continuous (resp. fuzzy
−1
−1
supra irresolute soft) if 𝑓𝑝𝑢
(𝑔𝐵 ) ∈ 𝔗1 ∀ 𝑔𝐵 ∈ 𝔗∗ 2 (resp. 𝑓𝑝𝑢
(𝑔𝐵 ) ∈ 𝔗1 ∀ 𝑔𝐵 ∈ 𝔗2).
Definition 2.20 [12] Let (𝑋, 𝔗∗1 , 𝐸), (𝑌, 𝔗∗ 2 , 𝐾) be two fsts’s and 𝔗1 , 𝔗2 be associated fsst’s with 𝔗∗1 , 𝔗∗ 2 ,
respectively. Then, the soft function 𝑓𝑝𝑢 : 𝐹𝑆𝑆(𝑋)𝐸 → 𝐹𝑆𝑆(𝑌)𝐾 is called
(1) Fuzzy supra open soft if 𝑓𝑝𝑢 (𝑔𝐸 ) ∈ 𝔗2 ∀ 𝑔𝐸 ∈ 𝔗∗1.
(2) Fuzzy supra closed soft if 𝑓𝑝𝑢 (𝑔𝐸 ) ∈ 𝔗𝔠 2 ∀ 𝑔𝐸 ∈ 𝔗∗𝔠1 , where 𝔗𝔠 2 𝑎𝑛𝑑𝔗∗𝔠1 are the family of
closed sets of 𝔗2 𝑎𝑛𝑑 𝔗∗1 , respectively.
(3) Fuzzy supra irresolute open soft if 𝑓𝑝𝑢 (𝑔𝐸 ) ∈ 𝔗2 ∀ 𝑔𝐸 ∈ 𝔗1.
(4) Fuzzy supra irresolute closed soft if 𝑓𝑝𝑢 (𝑔𝐸 ) ∈ 𝔗𝔠 2 ∀ 𝑔𝐸 ∈ 𝔗𝔠1 .
Theorem 2.21 [4, 23] Let 𝐹𝑆𝑆(𝑋)𝐸 and 𝐹𝑆𝑆(𝑌)𝐾 be two families of fs-sets. For the fuzzy soft function
𝑓𝑝𝑢 : 𝐹𝑆𝑆(𝑋)𝐸 → 𝐹𝑆𝑆(𝑌)𝐾 , the following statements hold,
(a)

−1
−1
𝑓𝑝𝑢
((𝑔, 𝐵)𝑐 ) = (𝑓𝑝𝑢
(𝑔, 𝐵))𝑐 ∀ (𝑔, 𝐵) ∈ 𝐹𝑆𝑆(𝑌)𝐾 .

(b)

𝑓𝑝𝑢 (0̃𝐸 ) = 0̃𝐾 , 𝑓𝑝𝑢 (1̃𝐸 ) ⊑ 1̃𝐾 . If 𝑓𝑝𝑢 is surjective, then the equality holds.

−1 ̃
−1 ̃
(c) 𝑓𝑝𝑢
(1𝐾 ) = 1̃𝐸 and 𝑓𝑝𝑢
(0𝐾 ) = 0̃𝐸 .

(d)

If (𝑓, 𝐴) ⊑ (𝑔, 𝐴), then 𝑓𝑝𝑢 (𝑓, 𝐴) ⊑ 𝑓𝑝𝑢 (𝑔, 𝐴).
(e)

−1
−1
If (𝑓, 𝐵) ⊑ (𝑔, 𝐵), then 𝑓𝑝𝑢
(𝑓, 𝐵) ⊑ 𝑓𝑝𝑢
(𝑔, 𝐵) ∀ (𝑓, 𝐵), (𝑔, 𝐵) ∈ 𝐹𝑆𝑆(𝑌)𝐾 .

877

El-latif / Cumhuriyet Sci. J., 41(4) (2020) 875-883

3.

Fuzzy supra soft connected spaces

In this section, we initiate the concept of fss-connected sets. we study its properties in general with respect to
fss-subspaces and fuzzy supra irresolute soft functions. We noticed that, the fss-disconnectedness property is
hereditary property. Also, the image of fss-connected sets under fuzzy supra irresolute soft function is fssconnected.
Definition 3.1 Two fs-subsets 𝑓𝐴 and 𝑔𝐵 of a fssts (𝑋, 𝔗, 𝐸) are said to be disjoint, denoted by 𝑓𝐴 ⊓ 𝑔𝐵 = 0̃𝐸 ,
if 𝐴 ∩ 𝐵 = 𝜙 or 𝜇𝑓𝑒𝐴 ∧ 𝜇𝑔𝑒 𝐵 = 0 ∀𝑒 ∈ 𝐸.
Definition 3.2 Let (𝑋, 𝔗, 𝐸) be a fssts. A fss-separation of 𝑓𝐴 ⊑ 1̃𝐸 is a pair of non null disjoint proper fuzzy
supra open soft sets ℎ𝐵 , 𝑔𝐶 such that 𝑓𝐴 ⊑ ℎ𝐵 ⊔ 𝑔𝐶 , 𝑓𝐴 ⊓ ℎ𝐵 ≠ 0̃𝐸 and 𝑓𝐴 ⊓ 𝑔𝐶 ≠ 0̃𝐸 . If there exist such two
proper fuzzy supra open soft sets, then the fs-set 𝑓𝐴 is said to be fss-disconnected set. Otherwise, 𝑓𝐴 is called
fss-connected. If we take 1̃𝐸 instead of 𝑓𝐴 , then the space (𝑋, 𝔗, 𝐸) is said to be fss-disconnected (connected)
space.
Proposition 3.3 Let (𝑋, 𝔗, 𝐸) and (𝑋, 𝜎, 𝐸) be two fssts’s such that 𝔗 ⊆ 𝜎. If (𝑋, 𝜎, 𝐸) is fss-connected space,
then so (𝑋, 𝔗, 𝐸).
Proof. Immediate.
Remark 3.4 The converse of the above proposition is not true in general as shall shown in the following
example.
Example 3.5 Let 𝑋 = {𝑥, 𝑦, 𝑧}, 𝐸 = {𝑒1 , 𝑒2 , 𝑒3 , 𝑒4 } and 𝐴, 𝐵, 𝐶 ⊆ 𝐸 where 𝐴 = {𝑒1 , 𝑒2 , 𝑒3 }, 𝐵 = {𝑒3 , 𝑒4 } and
𝐶 = {𝑒4 }. Let 𝑓𝐴 , 𝑔𝐵 , 𝑘𝐶 , ℎ𝐵 , 𝑠𝐸 be fs-sets defined as follows:
𝑒

𝑒

𝑒

𝑒

𝑒

𝜇𝑓1𝐴 = {𝑥1 , 𝑦1 , 𝑧1 }, 𝜇𝑓2𝐴 = {𝑥1 , 𝑦1 , 𝑧1 }, 𝜇𝑓3𝐴 = {𝑥1 , 𝑦1 , 𝑧1 },
𝜇𝑔3𝐵 = {𝑥1 , 𝑦1 , 𝑧1 }, 𝜇𝑔4𝐵 = {𝑥0.2 , 𝑦0.3 , 𝑧0.5 },
𝑒

𝜇𝑘4𝐶 = {𝑥1 , 𝑦1 , 𝑧1 },
𝑒

𝑒

𝑒

𝑒

𝜇ℎ3𝐵 = {𝑥1 , 𝑦1 , 𝑧1 }, 𝜇ℎ4𝐵 = {𝑥1 , 𝑦1 , 𝑧1 },
𝑒

𝑒

𝜇𝑠𝐸1 = {𝑥1 , 𝑦1 , 𝑧1 }, 𝜇𝑠𝐸2 = {𝑥1 , 𝑦1 , 𝑧1 }, 𝜇𝑠𝐸3 = {𝑥1 , 𝑦1 , 𝑧1 }, 𝜇𝑠𝐸4 = {𝑥0.2 , 𝑦0.3 , 𝑧0.5 }.
Consider the collection 𝔗 = {1̃𝐸 , 0̃𝐸 , 𝑓𝐴 , 𝑔𝐵 , 𝑠𝐸 }. It follows, 𝔗 defines a fsst on 𝑋 which has no fss-separation of
1̃𝐸 . Hence, (𝑋, 𝔗, 𝐸) is a fss-connected space. Also, consider 𝜎 = {1̃𝐸 , 0̃𝐸 , 𝑓𝐴 , 𝑔𝐵 , 𝑘𝐶 , ℎ𝐵 , 𝑠𝐸 }. So, 𝜎 defines a
fsst on 𝑋 such that 𝔗 ⊆ 𝜎 and 𝜎 is a fss-disconnected space, since 𝑓𝐴 , 𝑘𝐶 ∈ 𝜎 and form a fss-separation of 1̃𝐸 .
Definition 3.6 [12] Let (𝑋, 𝔗, 𝐸) be a fssts and 𝑌 ⊆ 𝑋. Let 𝑦𝐸 be a fs-set over (𝑌, 𝐸) defined by:
1, 𝑥 ∈ 𝑌,
𝑦𝐸 : 𝐸 → 𝐼𝑌 such that 𝑦𝐸 (𝑒) = 𝜇𝑒𝑦𝐸 , where 𝜇𝑦𝑒𝐸 (𝑥) = {
0, 𝑥 ∈ 𝑌.
Then, the fssts 𝔗𝑦𝐸 = {𝑦𝐸 ⊓ 𝑔𝐵 : 𝑔𝐵 ∈ 𝔗} is called the fss-subspace topology for 𝑦𝐸 and (𝑌, 𝔗𝑦𝐸 , 𝐸) is called
fss-subspace of (𝑋, 𝔗, 𝐸).
Remark 3.7 The fss-disconnectedness property isn’t hereditary in general as shall shown in the following
example.
Example 3.8 Let 𝑋 = {𝑥, 𝑦, 𝑧}, and 𝐸 = {𝑒1 , 𝑒2 } . Let 𝑓𝐴 , 𝑔𝐵 be fs-sets defined as follows:
𝑒

𝑒

𝜇𝑓1𝐸 = {𝑥1 , 𝑦1 }, 𝜇𝑓2𝐸 = {𝑥1 , 𝑦1 },
𝑒

𝑒

𝜇𝑔1𝐸 = {𝑧1 }, 𝜇𝑔2𝐸 = {𝑧1 }.
Consider the collection 𝔗 = {1̃𝐸 , 0̃𝐸 , 𝑓𝐸 , 𝑔𝐸 }. It follows, 𝔗 defines a fsst on 𝑋 which is fss-disconnected.
Now, let 𝑌 = {𝑥, 𝑦}, then 𝑦𝐸 = 𝑓𝐸 and 𝔗𝑌 = {1̃𝐸 , 0̃𝐸 , 𝑓𝐸 }. Therefore, 𝔗𝑌 is is fss-connected.
𝐸

𝐸

Theorem 3.9 Let (𝑋, 𝔗, 𝐸), (𝑌, 𝜎, 𝐾) be two fsts’s , 𝜇, 𝜈 be two associated fssts with 𝔗 and 𝜎, respectively.
Let𝑓𝑝𝑢 : 𝐹𝑆𝑆(𝑋)𝐸 → 𝐹𝑆𝑆(𝑌)𝐾 be an bijective fuzzy supra irresolute soft function. If 𝑘𝐴 is fss-connected
subset of 1̃𝐸 , then 𝑓𝑝𝑢 (𝑘𝐴 ) is fss-connected subset of 1̃𝐾 .
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Proof. Let 𝑓𝑝𝑢 (𝑘𝐴 ) is fss-disconnected subset of 1̃𝐾 . Then, there exists a fss-separation ℎ𝐶 , 𝑔𝐵 ∈ 𝜈 of 𝑓𝑝𝑢 (𝑘𝐴 ).
−1
−1
−1
Since 𝑓𝑝𝑢 is surjective fuzzy supra irresolute soft function, 𝑘𝐴 ⊑ 𝑓𝑝𝑢
(𝑓𝑝𝑢 (𝑘𝐴 )) ⊑ 𝑓𝑝𝑢
(ℎ𝐶 ⊔ 𝑔𝐵 ) = 𝑓𝑝𝑢
(ℎ𝐶 ) ⊔
−1
−1
−1
−1
−1 ̃
−1
𝑓𝑝𝑢 (𝑔𝐵 ) and 𝑓𝑝𝑢 (ℎ𝐶 ⊓ 𝑔𝐵 ) = 𝑓𝑝𝑢 (ℎ𝐶 ) ⊓ 𝑓𝑝𝑢 (𝑔𝐵 ) = 𝑓 (0𝐾 ) = 0̃𝐸 from Theorem 2.21. Also, 𝑓𝑝𝑢 [𝑔𝐵 ⊓
−1
−1 ̃
−1
−1
𝑓𝑝𝑢 (𝑘𝐴 )] = 𝑓𝑝𝑢
(𝑔𝐵 ) ⊓ 𝑘𝐴 ≠ 𝑓𝑝𝑢
(0𝐸 ) = 0̃𝐾 and 𝑓𝑝𝑢
[ℎ𝐶 ⊓ 𝑓𝑝𝑢 (𝑘𝐴 )] = 𝑓𝑝𝑢
(ℎ𝐶 ) ⊓ 𝑘𝐴 ≠ 0̃𝐾 . This means that,
−1
−1
𝑓𝑝𝑢
(ℎ𝐶 ), 𝑓𝑝𝑢
(𝑔𝐵 ) ∈ 𝜇 forms a fss-separation of 𝑘𝐴 , which is a contradiction. Hence, 𝑓𝑝𝑢 (𝑘𝐴 ) is a is fssconnected.
Theorem 3.10 Let ℎ𝐶 be a fss-connected subspace of fssts (𝑋, 𝔗, 𝐸) . If 1̃𝐸 has a fss-separations 𝑓𝐴 , 𝑔𝐵 , then
either ℎ𝐶 ⊑ 𝑓𝐴 , or ℎ𝐶 ⊑ 𝑔𝐵 .
Proof. Let 𝑓𝐴 , 𝑔𝐵 be fss-separation on 1̃𝐸 . Then, 𝑓𝐴 ⊓ ℎ𝐶 , 𝑔𝐵 ⊓ ℎ𝐶 ∈ 𝔗ℎ𝐶 . Since ℎ𝐶 ⊑ 1̃𝐸 = 𝑓𝐴 ⊔ 𝑔𝐵 , ℎ𝐶 ⊓ (𝑓𝐴 ⊔
𝑔𝐵 ) = ℎ𝐶 = (ℎ𝐶 ⊓ 𝑓𝐴 ) ⊔ (ℎ𝐶 ⊓ 𝑔𝐵 ) and (𝑓𝐴 ⊓ ℎ𝐶 ) ⊓ (𝑔𝐵 ⊓ ℎ𝐶 ) = ℎ𝐶 ⊓ (𝑓𝐴 ⊓ 𝑔𝐵 ) = 0̃𝐸 . Also, (𝑓𝐴 ⊓ ℎ𝑐 ) ⊓
ℎ𝑐 = 𝑓𝐴 ⊓ ℎ𝑐 ≠ 0̃𝐸 and (𝑔𝐵 ⊓ ℎ𝑐 ) ⊓ ℎ𝑐 = 𝑔𝐵 ⊓ ℎ𝑐 ≠ 0̃𝐸 . Since ℎ𝐶 is fss-connected, either ℎ𝐶 ⊓ 𝑓𝐴 = 0̃𝐸 or ℎ𝐶 ⊓
𝑔𝐵 = 0̃𝐸 . It follows, either ℎ𝐶 = ℎ𝐶 ⊓ 𝑓𝐴 or ℎ𝐶 = ℎ𝐶 ⊓ 𝑔𝐵 . Therefore, either ℎ𝐶 ⊑ 𝑓𝐴 , or ℎ𝐶 ⊑ 𝑔𝐵 .
Theorem 3.11 Let ℎ𝐴 be a fss-connected subspace of fssts (𝑋, 𝔗, 𝐸) and 𝑧𝐵 be fs-subset of (𝑋, 𝔗, 𝐸) such that
ℎ𝐴 ⊑ 𝑧𝐵 ⊑ 𝐹𝑐𝑙 𝑠 (ℎ𝐴 ).Then, 𝑧𝐵 is fss-connected.
Proof. It is sufficient to prove that 𝐹𝑐𝑙 𝑠 (ℎ𝐴 ) is fss-connected. Contrarily, assume that 𝐹𝑐𝑙 𝑠 (ℎ𝐴 ) is fssdisconnected. Then, there exists a fss-separation 𝑓𝐶 , 𝑔𝐷 ∈ 𝔗ℎ𝐴 of 𝐹𝑐𝑙 𝑠 (ℎ𝐴 ). It follows, ℎ𝐴 ⊓ 𝑓𝐶 and ℎ𝐴 ⊓ 𝑔𝐷 are
fuzzy supra open soft sets in 𝔗ℎ𝐴 which forms a fss-separation of ℎ𝐴, which is a contradiction. Therefore, 𝑧𝐵 is
fss-connected.
Corollary 3.12 Let 𝑓𝐴 be a fss-connected subspace of fssts (𝑋, 𝔗, 𝐸). Then, 𝐹𝑐𝑙 𝑠 (𝑓𝐴 ) is fss-connected.
Proof. Follows from Theorem 3.11.
Theorem 3.13 If for all pair of distinct fuzzy soft points 𝑓𝑒 , 𝑔𝑒 , there exists a fuzzy supra soft connected subset
̃ 𝑧𝑁 , then 1̃𝐸 is fuzzy supra soft connected.
𝑧𝑁 of fssts (𝑋, 𝔗, 𝐸) such that 𝑓𝑒 , 𝑔𝑒 ∈
Proof. Assume that 1̃𝐸 is fss-disconnected space. Then, there exists a fss-separation 𝑓𝐶 , 𝑔𝐷 ∈ 𝔗 of 1̃𝐸 . Since 𝑓𝐴 ⊓
𝑔𝐵 = 0̃𝐸 , there exist two distinct fuzzy soft points 𝑓𝑒 , 𝑔𝑒 such that 𝑓𝑒 ∈ 𝑓𝐴 and 𝑔𝑒 ∈ 𝑔𝐵 . By hypothesis, there
exists a fuzzy fuzzy supra soft connected set 𝑧𝑁 such that 𝑓𝑒 , 𝑔𝑒 ∈ 𝑧𝑁 . From Theorem 3.10, either 𝑧𝑁 ⊑ 𝑓𝐴 or
𝑧𝑁 ⊑ 𝑔𝐵 and both cases is a contradiction. Therefore, 1̃𝐸 is fuzzy supra soft connected.
Theorem 3.14 Let {𝑣𝐴𝜖 : 𝜖 ∈ 𝜆} be a collection of fss-connected subspaces of fssts (𝑋, 𝔗, 𝐸) such that
⊓𝜖∈𝜆 𝑣𝐴𝜖 ≠ 0̃𝐸 . Then, ⊔𝜖∈𝜆 𝑣𝐴𝜖 is fss-connected.
Proof. Suppose that ⊔𝜖∈𝜆 𝑣𝐴𝜖 is fss-disconnected. Then, there exists a fss-separation 𝑚𝐹 , 𝑛𝐺 ∈ 𝔗. It follows, 𝑣𝐴𝜖
is fss-connected subspace of fss-disconnected space 1̃𝐴 and ⊓𝜖∈𝜆 𝑣𝐴𝜖 ≠ 0̃𝐸 . By Theorem 3.10, either 𝑣𝐴𝜖 ⊑ 𝑚𝐹
or 𝑣𝐴𝜖 ⊑ 𝑛𝐺 ∀𝜖 ∈ 𝜆. If 𝑣𝐴𝜖 ⊑ 𝑚𝐹 , then 𝑛𝐺 = 0̃𝐸 and if 𝑣𝐴𝜖 ⊑ 𝑛𝐺 , then 𝑚𝐹 = 0̃𝐸 and both cases is a
contradiction. Therefore, 1̃𝐴 is fss-connected.

4.

Fuzzy supra soft 𝑪𝒊 -connected spaces, 𝒊 = 𝟏, 𝟐, 𝟑, 𝟒

It is well known that, for fs-sets theory [3] and for any two fs-sets 𝑓𝐴 and 𝑔𝐵 , even though the following
implication is valid: 𝑓𝐴 ⊓ 𝑔𝐵 = 0̃𝐸 ⇒ 𝑓𝐴 ⊑ 𝑔𝐵𝑐 , the reverse implication isn’t true in general. This deviation
gave the opportunity to the authors [25] to introduce new types of fuzzy connectedness, which weren’t exist in
the classical set theory, named 𝐶𝑖 -fuzzy connectedness, (𝑖 = 1,2,3,4). S. Karataş et al. [17] generalized these
notions to fsts, which generalized in [18, 19]. Here, we introduce the notion of fuzzy supra soft 𝐶𝑖 -connected
spaces, named 𝐹𝑆𝑆𝐶𝑖 -connected sets (𝑖 = 1,2,3,4), as a generalization to such similar concepts in [17, 18, 19].
The relation between these classes is studied in details, supported by counter examples.
Definition 4.1 Let (𝑋, 𝔗, 𝐸) be a fssts and 𝑓𝐸 ∈ 𝐹𝑆𝑆(𝑋)𝐸 . Then, 𝑓𝐸 is called
(1) Fuzzy supra soft 𝐶1 -connected (or 𝐹𝑆𝑆𝐶1 -connected) if doesn’t exist two non null fuzzy supra soft
open sets 𝑔𝐴 and ℎ𝐵 such that 𝑓𝐸 ⊑ 𝑔𝐴 ⊔ ℎ𝐵 , 𝑔𝐴 ⊓ ℎ𝐵 ⊑ 𝑓𝐸𝑐 , 𝑓𝐸 ⊓ 𝑔𝐴 ≠ 0̃𝐸 and 𝑓𝐸 ⊓ ℎ𝐵 ≠ 0̃𝐸 .
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(2) Fuzzy supra soft 𝐶2 -connected (or 𝐹𝑆𝑆𝐶2 -connected) if doesn’t exist two non null fuzzy supra soft
open sets 𝑔𝐴 and ℎ𝐵 such that 𝑓𝐸 ⊑ 𝑔𝐴 ⊔ ℎ𝐵 , 𝑓𝐸 ⊓ 𝑔𝐴 ⊓ ℎ𝐵 = 0̃𝐸 , 𝑓𝐸 ⊓ 𝑔𝐴 ≠ 0̃𝐸 and 𝑓𝐸 ⊓ ℎ𝐵 ≠ 0̃𝐸 .
(3) Fuzzy supra soft 𝐶3 -connected (or 𝐹𝑆𝑆𝐶3 -connected) if doesn’t exist two non null fuzzy supra soft
open sets 𝑔𝐴 and ℎ𝐵 such that 𝑓𝐸 ⊑ 𝑔𝐴 ⊔ ℎ𝐵 , 𝑔𝐴 ⊓ ℎ𝐵 ⊑ 𝑓𝐸𝑐 , 𝑔𝐴 ⊑ 𝑓𝐸𝑐 and ℎ𝐵 ⊑ 𝑓𝐸𝑐 .
(4) Fuzzy supra soft 𝐶4 -connected (or 𝐹𝑆𝑆𝐶4 -connected) if doesn’t exist two non null fuzzy supra soft
open sets 𝑔𝐴 and ℎ𝐵 such that 𝑓𝐸 ⊑ 𝑔𝐴 ⊔ ℎ𝐵 , 𝑓𝐸 ⊓ 𝑔𝐴 ⊓ ℎ𝐵 = 0̃𝐸 , 𝑔𝐴 ⊑ 𝑓𝐸𝑐 and ℎ𝐵 ⊑ 𝑓𝐸𝑐 .
Proposition 4.2 In a fssts (𝑋, 𝔗, 𝐸), the relation between the classes 𝐹𝑆𝑆𝐶𝑖 -connected sets, 𝑖 = 1,2,3,4 shall
shown in the following diagram.
𝐹𝑆𝑆𝐶1 -connected ⟹ 𝐹𝑆𝑆𝐶2 -connected
⇓
⇓
𝐹𝑆𝑆𝐶3 -connected ⟹ 𝐹𝑆𝑆𝐶4 -connected
Proof. Follows from Definition 4.1.
Remark 4.3 The implications in Proposition 4.2 are not reversible, as shall shown in the following examples.
Example 4.4 𝐹𝑆𝑆𝐶4 -connected ⟹ 𝐹𝑆𝑆𝐶3 -connected.
Let 𝑋 = [0,1] and 𝐸 = {𝑒1 , 𝑒2 }. Let consider the fs-sets 𝑓𝐸 , 𝑔𝐸 , ℎ𝐸 defined as follows:
1
4

𝑒

,

1

<𝑥≤1

4

𝜇𝑔1𝐸 (𝑥) = {1, 0 ≤ 𝑥 ≤ 1
4

1

1, 4 < 𝑥 ≤ 1
𝑒2
and 𝜇𝑔𝐸 (𝑥) = {1 , 0 ≤ 𝑥 ≤ 1
4
4

1

1, < 𝑥 ≤ 1
4
𝑒1
𝜇ℎ𝐸 (𝑥) = {1 , 0 ≤ 𝑥 ≤ 1
4

and

4

1

𝑒

1
𝑒
𝜇ℎ2𝐸 (𝑥)

4

,

1
4

<𝑥≤1

= {1, 0 ≤ 𝑥 ≤ 1
4

𝑒

𝜇𝑓1𝐸 (𝑥) = = 𝜇𝑓2𝐸 (𝑥), 𝑓𝑜𝑟 𝑒𝑎𝑐ℎ 𝑥 ∈ [0,1].
2

𝔗 = {1̃𝐸 , 0̃𝐸 , 𝑔𝐸 , ℎ𝐸 } defines a fsst on 𝑋. It is easy to see that 𝑓𝐸 is 𝐹𝑆𝑆𝐶4 -connected but not 𝐹𝑆𝑆𝐶3 connected.
Example 4.5 𝐹𝑆𝑆𝐶4 -connected ⟹ 𝐹𝑆𝑆𝐶2 -connected.
Let 𝑋 = [0,1] and 𝐸 = {𝑒1 , 𝑒2 }. Let consider the fs-sets 𝑓𝐸 , 𝑔𝐸 , ℎ𝐸 , 𝑘𝐸 , 𝑚𝐸 , 𝑛𝐸 defined as follows:
0,
𝑒
𝜇𝑔1𝐸 (𝑥)

=

{1
2
1

𝑒
𝜇ℎ1𝐸 (𝑥)

2

2

1

, 0≤𝑥≤2
,

1
2

=

2
{1
2

,

1
2

1

<𝑥≤1
and

𝑒
𝜇𝑔2𝐸 (𝑥)

2

1

0,
and

2

𝑒
𝜇ℎ2𝐸 (𝑥)

=

1
2

{1
2
1

<𝑥≤1

, 0≤𝑥≤

,

and

𝑒
𝜇𝑓2𝐸 (𝑥)

1
2

<𝑥≤1

= {0, 0 ≤ 𝑥 ≤ 1
2

<𝑥≤1

= {0, 0 ≤ 𝑥 ≤
1

𝑒
𝜇𝑓1𝐸 (𝑥)

1

=

2
{1
2

1
2

<𝑥≤1

, 0≤𝑥≤
,

1
2

1
2

<𝑥≤1

, 0≤𝑥≤
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1
𝑒
𝜇𝑘1𝐸 (𝑥)

= 0, 𝑓𝑜𝑟 𝑒𝑎𝑐ℎ 𝑥 ∈ [0,1] and
1

𝑒
𝜇𝑚1𝐸 (𝑥)

2

,

1

𝑒
𝜇𝑘2𝐸 (𝑥)

=

1

= {0, 0 ≤ 𝑥 ≤ 1
2

and

𝑒
𝜇𝑚2𝐸 (𝑥)

=

1

0, 2 < 𝑥 ≤ 1
𝑒1
𝜇𝑛𝐸 (𝑥) = {1 , 0 ≤ 𝑥 ≤ 1
2
2

4
{1
2
1

and

𝑒
𝜇𝑛2𝐸 (𝑥)

=

2
{1
4

,

2

1

,

<𝑥≤1

, 0≤𝑥≤

4

<𝑥≤1

2

1

,

4
{1

2

1
2

<𝑥≤1
1

, 0≤𝑥≤2
1
2

<𝑥≤1
1

, 0≤𝑥≤2

𝔗 = {1̃𝐸 , 0̃𝐸 , 𝑔𝐸 , ℎ𝐸 , 𝑓𝐸 , 𝑘𝐸 , 𝑚𝐸 , 𝑛𝐸 } defines a fsst on 𝑋. It is easy to see that 𝑓𝐸 is 𝐹𝑆𝑆𝐶4 -connected but not
𝐹𝑆𝑆𝐶2 -connected.
Example 4.6 𝐹𝑆𝑆𝐶3 -connected ⟹ 𝐹𝑆𝑆𝐶1 -connected and 𝐹𝑆𝑆𝐶2 -connected ⟹ 𝐹𝑆𝑆𝐶1 -connected.
Let 𝑋 = [0,1] and 𝐸 = {𝑒1 , 𝑒2 }. Let consider the fs-sets 𝑓𝐸 , 𝑔𝐸 , ℎ𝐸 defined as follows:
1
𝑒

𝜇𝑔1𝐸 (𝑥) =

4
{1
2
1

𝑒
𝜇ℎ1𝐸 (𝑥)

𝑒

=

4
{1
2
1

,

1

<𝑥≤1

4

1

, 0≤𝑥≤4
,

1
4

1

1, 4 < 𝑥 ≤ 1
𝑒2
and 𝜇𝑔𝐸 (𝑥) = {1 , 0 ≤ 𝑥 ≤ 1
4
4
1

<𝑥≤1
1

, 0≤𝑥≤4

and

𝑒
𝜇ℎ2𝐸 (𝑥)

=

2
{1
4

,

1
4

<𝑥≤1
1

, 0≤𝑥≤4

𝑒

𝜇𝑓1𝐸 (𝑥) = 4 = 𝜇𝑓2𝐸 (𝑥), 𝑓𝑜𝑟 𝑒𝑎𝑐ℎ 𝑥 ∈ [0,1].
𝔗 = {1̃𝐸 , 0̃𝐸 , 𝑔𝐸 , ℎ𝐸 , 𝑔𝐸 ⊔ ℎ𝐸 } defines a fsst on 𝑋. Clearly, it is can be shown that 𝑓𝐸 is 𝐹𝑆𝑆𝐶3 -connected
and 𝐹𝑆𝑆𝐶2 -connected but not 𝐹𝑆𝑆𝐶1 -connected.
Theorem 4.7 Let (𝑋, 𝔗, 𝐸), (𝑌, 𝜎, 𝐾) be two fsts’s , 𝜇, 𝜈 be two associated fssts’s with 𝔗 and 𝜎, respectively.
Let𝑓𝑝𝑢 : 𝐹𝑆𝑆(𝑋)𝐸 → 𝐹𝑆𝑆(𝑌)𝐾 be a bijective fuzzy supra irresolute soft function. If 𝑣𝐸 is 𝐹𝑆𝑆𝐶𝑖 -connected
subset of 1̃𝐸 , then 𝑓𝑝𝑢 (𝑣𝐸 ) is 𝐹𝑆𝑆𝐶𝑖 -connected subset of 1̃𝐾 , (𝑖 = 1,2).
Proof. We prove the case when 𝑖 = 1, the other case (𝑖 = 2) can be proved by a similar way.
Suppose that 𝑓𝑝𝑢 (𝑣𝐸 ) isn’t 𝐹𝑆𝑆𝐶1 -connected. Then, there exist 𝜈-fuzzy supra open soft sets 𝑔𝐴 and ℎ𝐵
such that 𝑓𝑝𝑢 (𝑣𝐸 ) ⊑ 𝑔𝐴 ⊔ ℎ𝐵 , 𝑔𝐴 ⊓ ℎ𝐵 ⊑ [𝑓𝑝𝑢 (𝑣𝐸 )]𝑐 = 𝑓𝑝𝑢 (𝑣𝐸𝑐 ), 𝑓𝑝𝑢 (𝑣𝐸 ) ⊓ 𝑔𝐴 ≠ 0̃𝐸 and 𝑓𝑝𝑢 (𝑣𝐸 ) ⊓ ℎ𝐵 ≠ 0̃𝐸 .
From Theorem 2.21,
−1
−1
−1
−1
𝑣𝐸 ⊑ 𝑓𝑝𝑢
[𝑓𝑝𝑢 (𝑣𝐸 )] ⊑ 𝑓𝑝𝑢
[𝑔𝐴 ⊔ ℎ𝐵 ] = 𝑓𝑝𝑢
(𝑔𝐴 ) ⊔ 𝑓𝑝𝑢
(ℎ𝐵 ),
−1
−1
−1
−1
𝑓𝑝𝑢
[𝑔𝐴 ⊓ ℎ𝐵 ] = 𝑓𝑝𝑢
(𝑔𝐴 ) ⊓ 𝑓𝑝𝑢
(ℎ𝐵 ) ⊑ 𝑓𝑝𝑢
[𝑓𝑝𝑢 (𝑣𝐸𝑐 )] = 𝑣𝐸𝑐 ,
−1
−1
−1
−1
−1 ̃
𝑓𝑝𝑢
[𝑓𝑝𝑢 (𝑣𝐸 ) ⊓ 𝑔𝐴 ] = 𝑓𝑝𝑢
[𝑓𝑝𝑢 (𝑣𝐸 )] ⊓ 𝑓𝑝𝑢
(𝑔𝐴 ) = 𝑣𝐸 ⊓ 𝑓𝑝𝑢
(𝑔𝐴 ) ≠ 𝑓𝑝𝑢
[0𝐾 ] = 0̃𝐸 and
−1
−1
−1
−1
−1 ̃
𝑓𝑝𝑢
[𝑓𝑝𝑢 (𝑣𝐸 ) ⊓ ℎ𝐵 ] = 𝑓𝑝𝑢
[𝑓𝑝𝑢 (𝑣𝐸 )] ⊓ 𝑓𝑝𝑢
(ℎ𝐵 ) = 𝑣𝐸 ⊓ 𝑓𝑝𝑢
(ℎ𝐵 ) ≠ 𝑓𝑝𝑢
[0𝐾 ] = 0̃𝐸 .
−1
−1
Since 𝑓𝑝𝑢 is fuzzy supra irresolute soft function, 𝑓𝑝𝑢
(𝑔𝐴 ), 𝑓𝑝𝑢
(ℎ𝐵 ) are 𝜇-fuzzy supra open soft sets. This means
that, 𝑣𝐸 isn’t 𝐹𝑆𝑆𝐶1 -connected, which is a contradiction with the hypothesis.

Theorem 4.8 Let (𝑋, 𝔗, 𝐸), (𝑌, 𝜎, 𝐾) be two fsts’s , 𝜇, 𝜈 be two associated fssts’s with 𝔗 and 𝜎, respectively.
Let𝑓𝑝𝑢 : 𝐹𝑆𝑆(𝑋)𝐸 → 𝐹𝑆𝑆(𝑌)𝐾 be a bijective fuzzy supra irresolute soft function. If 𝑣𝐸 is 𝐹𝑆𝑆𝐶𝑖 -connected
subset of 1̃𝐸 , then 𝑓𝑝𝑢 (𝑣𝐸 ) is 𝐹𝑆𝑆𝐶𝑖 -connected subset of 1̃𝐾 , (𝑖 = 3,4).
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Proof. We prove the case when 𝑖 = 3, the other case (𝑖 = 4) can be proved by a similar way.
Suppose that 𝑓𝑝𝑢 (𝑣𝐸 ) isn’t 𝐹𝑆𝑆𝐶3 -connected. Then, there exist 𝜈-fuzzy supra open soft sets 𝑔𝐴 and ℎ𝐵
such that 𝑓𝑝𝑢 (𝑣𝐸 ) ⊑ 𝑔𝐴 ⊔ ℎ𝐵 , 𝑔𝐴 ⊓ ℎ𝐵 ⊑ [𝑓𝑝𝑢 (𝑣𝐸 )]𝑐 = 𝑓𝑝𝑢 (𝑣𝐸𝑐 ), 𝑔𝐴 ⊑ 𝑓𝑝𝑢 (𝑣𝐸𝑐 ) and ℎ𝐵 ⊑ 𝑓𝑝𝑢 (𝑣𝐸𝑐 ). From
Theorem 2.21,
−1
−1
−1
−1
𝑣𝐸 ⊑ 𝑓𝑝𝑢
[𝑓𝑝𝑢 (𝑣𝐸 )] ⊑ 𝑓𝑝𝑢
[𝑔𝐴 ⊔ ℎ𝐵 ] = 𝑓𝑝𝑢
(𝑔𝐴 ) ⊔ 𝑓𝑝𝑢
(ℎ𝐵 )

(3)

−1
−1
−1
−1
𝑓𝑝𝑢
[𝑔𝐴 ⊓ ℎ𝐵 ] = 𝑓𝑝𝑢
(𝑔𝐴 ) ⊓ 𝑓𝑝𝑢
(ℎ𝐵 ) ⊑ 𝑓𝑝𝑢
[𝑓𝑝𝑢 (𝑣𝐸𝑐 )] = 𝑣𝐸𝑐

(4)

−1
−1
Since 𝑓𝑝𝑢 is fuzzy supra irresolute soft function, 𝑓𝑝𝑢
(𝑔𝐴 ), 𝑓𝑝𝑢
(ℎ𝐵 ) are 𝜇-fuzzy supra open soft sets. Since 𝑓𝑝𝑢
is surjective, there exist 𝑦1 , 𝑦2 ∈ 𝑌 such that

𝜇𝑔𝑒 𝐴 (𝑦1 ) ≥ 1 − 𝑓𝑝𝑢 (𝑣𝐸 )(𝑘)(𝑦1 )

(𝑖) 𝑎𝑛𝑑

𝜇ℎ𝑒 𝐵 (𝑦2 ) ≥ 1 − 𝑓𝑝𝑢 (𝑣𝐸 )(𝑘)(𝑦2 )

(𝑖𝑖)

−1
Now, if 𝑓𝑝𝑢
(𝑔𝐴 ) ⊑ 𝑣𝐸𝑐 , then this claim contradicts with (i). Thus,
−1
𝑓𝑝𝑢
(𝑔𝐴 ) ⊑ 𝑣𝐸𝑐
−1
Also, if 𝑓𝑝𝑢
(ℎ𝐵 )
−1
𝑓𝑝𝑢
(ℎ𝐵 ) ⊑ 𝑣𝐸𝑐

(5)
⊑

𝑣𝐸𝑐 ,

then this claim contradicts with (ii). Thus,
(6)

Equations (3), (4), (5) and (6) prove that 𝑣𝐸 isn’t 𝐹𝑆𝑆𝐶3 -connected, which is a contradiction. Hence, 𝑓𝑝𝑢 (𝑣𝐸 ) is
𝐹𝑆𝑆𝐶3 -connected.
Theorem 4.9 Let (𝑋, 𝔗, 𝐸), (𝑌, 𝜎, 𝐾) be two fsts’s , 𝜇, 𝜈 be two associated fssts’s with 𝔗 and 𝜎, respectively.
Let𝑓𝑝𝑢 : 𝐹𝑆𝑆(𝑋)𝐸 → 𝐹𝑆𝑆(𝑌)𝐾 be an injective fuzzy supra irresolute open soft function. If 𝑠𝐾 is 𝐹𝑆𝑆𝐶𝑖 −1
connected subset of 1̃𝐾 , then 𝑓𝑝𝑢
(𝑠𝐾 ) is 𝐹𝑆𝑆𝐶𝑖 -connected subset of 1̃𝐸 , (𝑖 = 1,2,3,4).
Proof. It similar to the proof of Theorem 4.7 and Theorem 4.8.

5. Conclusion
In this paper, we introduced fss-connected sets, as a generalization to that’s in [13, 13]. We discussed its basic
properties such as the hereditary property and protecting image of fss-connected sets. Besides this, we introduced
four types of fuzzy connectedness for a fs-set,named 𝐹𝑆𝑆𝐶𝑖 - connected sets. we discussed the relations between
them. For future works, we consider to investigate more types of fss-connectedness, like fss-locally
connectedness and fss-hyperconnected spaces by using the soft ideal notion as a generalization to that’s in [11].
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Abstract
In this paper, a discrete-time prey-predator population model with immigration which is
obtained by implementing forward Euler’s scheme has been considered. The existence of
fixed points of the presented model has been investigated. Moreover, the stability analysis of
the fixed points of the population model has been examined and the topological classification
of the fixed points of the model has been made. Moreover, the OGY feedback control
method is to implement to controlchaos caused by the Flip bifurcation. Finally, Flip
bifurcation,chaos control strategy, and asymptotic stability of the only positive fixed point
are verifiedwith the help of numerical simulations.
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Introduction

Some interdisciplinary studies have been carried out to understand and explain natural events recently. These
studies led to the development of new fields such as mathematical biology and biophysics. First of all, to
understand the events in nature, a mathematical model that reflects these events is needed.
The species in nature interact with each other. The population density of these interacting species also affects
the population density of other living species. Therefore, population models are among the most striking issues
for many ecologists, mathematicians, and biologists recently.
Prey-predator models are among the most common population models that involve the interaction of the two
species. The predator feeds on prey. The prey also feeds on other foods. Fox and rabbits, sharks, and fish are
examples of the prey-predator species.
Lotka [1] and Volterra [2] introduced a predator-prey model firstly. In this model, the prey consumption rate by
a predator is consideredto be directly proportional to the abundance of the prey. This indicates thatthe predator
was fed to a limited extent by the amount of prey in the environment. While this is realistic in environments
with low hunting density, it is anabsolutely unrealistic assumption in high hunting densities. In later
processes,Lotka-Volterra model was arranged in different ways.
The immigration factor is an effect that makes the predator-prey population model more realistic [3-7]. So
manyresearches studied the role of immigration and its impact on population dynamics [8-12]. It
wasinvestigated the existence and uniqueness of limitcycles in predator-prey models [4], alsothe local and
global stability of fixed-rate migration-effective, delayed predator-prey system [3]. They showed that the
existence of the global Hopf bifurcation. Thara at allanalyzed the asymptotic stability of prey-predator systems,
which was formedby adding individual immigration factors to the prey and predator population inthe classical
Lotka-Volterra system [13]. Furthermore, many ecological concepts such as diffusion, functional responses,
time delays and Allee effect have beenadded to the predator-prey model to gain a more accurate description and
beter understanding [14-19].
*Corresponding author. e-mail address:h.kilic1994@gmal.com
http://dergipark.gov.tr/csj ©2020 Faculty of Science, Sivas Cumhuriyet University
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In the last few centuries, chaos and unusual behavior of non-linear discrete dynamical system attracted the
attention of scientists. Chaotic behavior examined in almost every field, such as chemistry, physics, ecology,
biology, chemical engineering, telecommunications etc.Moreover, the practical methods related to chaos
control can be implemented in various areas such as communications, physics laboratories, biochemistry,
turbulence, and cardiology.Chaos is the general name for non-linear dynamical systems that behave noise-like.
Chaos is indecomposable, is highly dependent on the initial condition, and consists of a large number of
periodic points and orbits. Because of this, the solution of a chaotic system is difficult to predict, which calls for
a way to control it. The control algorithm of Ott, Grebogi, and Yorke (OGY, [20]) manages to do this.The
proposed methodology is known as the OGY method.OGY is a discrete control algorithm, perturbing the
system at discrete moments in time.It is well known that existence or non-existence of chaotic solutions for a
dynamical system is determined by calculating Lyapunov exponent. Generally, a positive lyapunov exponentis
considered to be one of the characteristics which imply the existence of chaos. That is, when the system has a
positive largest Lyapunov exponent, then the system exhibits chaotic dynamics [21].
In [19], the author has considered the following continuous-time model with Allee effect on prey population:
𝑑𝑥(𝑡)
𝑑𝑡

{

= 𝑥(𝑡)(𝑏1 − 𝑎11 𝑥(𝑡))
𝑑𝑦(𝑡)
𝑑𝑡

𝑥(𝑡)
+ 𝑎12 𝑥(𝑡)𝑦(𝑡)
𝛽+𝑥(𝑡)

(1)

= 𝑦(𝑡)(𝑏2 − 𝑎22 𝑦(𝑡))

where 𝑥(𝑡)and 𝑦(𝑡) represent population densities of prey and predator at time t, respectively; bi , i  1, 2 are the
intrinsic growth rate of the prey 𝑥 and predator 𝑦;

bi
, i  1, 2 is the carrying capacity of prey and predator,
aii

respectively; a12 reflects the efficiency of every single population 𝑦 that can contribute to population 𝑥. The
term

𝑥(𝑡)
𝛽+𝑥(𝑡)

is Allee effect here. The author investigated the local and global property of the fixed point of the

system (1) with the Allee effect on prey population [1].
In [22],Kangalgil has considered discrete- time version of the system (1) with an Allee effect on predator
species by applying the forward Euler scheme as follows:
𝑥𝑡+1 = 𝑥𝑡 + δ(𝑥𝑡 (𝑏1 − 𝑎11 𝑥𝑡 ) + 𝑎12 𝑥(𝑡)𝑦(𝑡)
{

(2)

𝑦(𝑡)

𝑦𝑡+1 = 𝑦𝑡 + δ (𝑦𝑡 (𝑏2 𝑚+𝑦(𝑡) − 𝑎22 𝑦(𝑡)))

where

  0 is the step size, 𝑥(𝑡) and 𝑦(𝑡) represent population densities of prey and predator at time t,

respectively. All parameters are positive constants. The term f (y) 

y
is called the Allee effect where
m y

m is Allee constant [17-19].The author investigated dynamical behavior of the system (2) with Allee effect on
predator population at the coexistence fixed point and showed that the system (2) undergoes Flip bifurcation.
In this study discrete-time version of the system (1) with immigration instead of Allee effect on predator has
been investigated
{

𝑑𝑥(𝑡)
𝑑𝑡

= 𝑥(𝑡)(𝑏1 − 𝑎11 𝑥(𝑡)) + 𝑎12 𝑥(𝑡)𝑦(𝑡))
𝑑𝑦(𝑡)
𝑑𝑡

(3)

= 𝑦(𝑡)(𝑏2 − 𝑎22 𝑦(𝑡)) + 𝑠

Where𝑠 > 0is the immigration parameter. If we apply the following Euler scheme:
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𝑥 ′ (𝑡0 ) = 𝑥(𝑡0 )(𝑏1 − 𝑎11 𝑥(𝑡0 )) + 𝑎12 𝑥(𝑡0 )𝑦(𝑡0 )
we can write
𝑥 ′ (𝑡0 ) ≈

𝑥(𝑡1 ) − 𝑥(𝑡0 )
.
𝑡1 − 𝑡0

Then at 𝑡1 step,
𝑥(𝑡1 ) = 𝛿 (𝑥(𝑡0 )(𝑏1 − 𝑎11 𝑥(𝑡0 )) + 𝑎12 𝑥(𝑡0 )𝑦(𝑡0 )) + 𝑥(𝑡0 )
is obtained. Therefore we get
𝑥 → 𝑥 + 𝛿(𝑥(𝑏1 − 𝑎11 𝑥) + 𝑎12 𝑥𝑦).
Similarly
𝑦(𝑡1 ) ≈ 𝛿(𝑦(𝑡0 )(𝑏2 − 𝑎22 𝑦(𝑡0 ) + 𝑠)) + 𝑦(𝑡0 ),
𝑦 → 𝑦 + 𝛿(𝑦(𝑏2 − 𝑎22 𝑦) + 𝑠)).
So we havethe following system:
𝑥
= 𝑥𝑡 + 𝛿(𝑥𝑡 (𝑏1 − 𝑎11 𝑥𝑡 ) + 𝑎12 𝑥𝑡 𝑦𝑡 )
{ 𝑡+1
𝑦𝑡+1 = 𝑦𝑡 + 𝛿(𝑦𝑡 (𝑏2 − 𝑎22 𝑦𝑡 ) + 𝑠)

(4)

In [23], authors have investigated the Flip bifurcation analysis of the system (4) by choosing as a 𝛿 bifurcation
parameter. They showed that the step size 𝛿for Euler’s scheme has strong stability effect on positive-steady
state or vice versa. We have seen that there is no chance of Neimark-Sacker bifurcation to occur in the system
(4). We present the Flip bifurcation diagrams and Maximum Lyapunov exponent for the system (4) by
choosing bifurcation parameter as immigration instead of the step size 𝛿.Also, to control the chaos in the
system (4), we study the OGY Feedback control method [24]. Numerical simulations are presented to support
obtained theoretical results and to show the complex dynamical behaviors.

2. Existence of The Fixed Points
In this section, we investigate positive fixed points of the system (4) and analyze stability of these fixed points.
Definition2.1A point (𝑥̅ , 𝑦̅)is called fixed point of system (4), when it satisfies the following system:
𝑥̅ = 𝑥̅ + 𝛿(𝑥̅ (𝑏1 − 𝑎11 𝑥̅ ) + 𝑎12 𝑥̅ 𝑦̅)
(5)
𝑦̅ = 𝑦̅ + 𝛿(𝑦̅(𝑏2 − 𝑎22 𝑦̅) + 𝑠).
Definition2.2A matrix
𝑓1𝑥 (𝑥, 𝑦) 𝑓1𝑦 (𝑥, 𝑦)
𝐽(𝑥, 𝑦) = (
)
𝑓2𝑥 (𝑥, 𝑦) 𝑓2𝑦 (𝑥, 𝑦)
is called Jacobian matrix of system (4) at fixed point (𝑥, 𝑦), where
𝑓1 (𝑥, 𝑦) = 𝑥 + 𝛿(𝑥(𝑏1 − 𝑎11 𝑥) + 𝑎12 𝑥𝑦)
(6)
𝑓2 (𝑥, 𝑦) = 𝑦 + 𝛿(𝑦(𝑏2 − 𝑎22 𝑦) + 𝑠).
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Definition2.3An equation
𝐹(𝜆) = 𝜆2 − 𝑖𝑧𝐽(𝑥, 𝑦)𝜆 + 𝑑𝑒𝑡𝐽(𝑥, 𝑦) = 0
is called characteristic equation of fixed point (𝑥, 𝑦) and𝐹(𝜆) is called characteristic polynomial as well.
Definition2.4Let λ1 and λ2 are the roots of the characteristic polynomial
𝐹(𝜆)=𝜆2 − B𝜆+ CB ,C ϵ N.
Then the fixedpoint of the system (4) is called
1) sink if |λ1 | < 1 and |λ2 | < 1,
2) source if |λ1 | > 1 and |λ2 | > 1,
3) saddle if [|λ1 | < 1 and |λ2 | > 1] or [|λ1 | > 1 and |λ2 | < 1],
4) non-hyperbolic if |λ1 | = 1 or |λ2 | = 1.
Lemma2.1For all parameter values, the system (4) has four fixed points as follows:
𝐸1 = (0, 0)
𝑏1
𝐸2 = (
, 0)
𝑎11
𝐸3 = (0,

𝑏2 + 𝑠
)
𝑎22

𝑏1 𝑎22 + 𝑎12 𝑏2 + 𝑎12 𝑠 𝑏2 + 𝑠
𝐸4 = (
,
).
𝑎11 𝑎22
𝑎22

3. Topological Classification for Fixed Points
In this section we make topological classification for the fixed points of the system (4).
3.1. The fixed point 𝑬𝟏 (𝟎, 𝟎):
The Jacobian matrix of the system (4) is obtained as follow:
1 + 𝛿(𝑏1 − 2𝑎11 𝑥 + 𝑎12 𝑦)
𝛿𝑎12 𝑥
𝐽=(
)
0
1 + 𝛿𝑏2 − 2𝛿𝑎22 𝑦 + 𝛿𝑠

(7)

If we write 𝑥 = 0, 𝑦 = 0 in Jacobian matrix (7), then we obtain corresponding matrix and characteristic
polynomial for the fixed point 𝐸1 like that:
1 + 𝛿𝑏1
𝐽=(
0

0
)
1 + 𝛿𝑏2 + 𝛿𝑠

(8)

𝐹(𝜆) = 𝜆2 − 𝑖𝑧𝐽(0,0)𝜆 + 𝑑𝑒𝑡𝐽(0,0)
or
𝐹(𝜆)=𝜆2 − (1 + 𝛿𝑏1 + 1 + 𝛿𝑏2 + 𝛿𝑠)𝜆+(1 + 𝛿𝑏2 + 𝛿𝑠)(1 + 𝛿𝑏1 ).
Therefore characteristic values of the system (4) are obtained as follows:
λ1 =1+δ𝑏1 ,
λ2 = 1 + 𝛿𝑏2 + 𝛿𝑠.
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Because of 𝛿, 𝑏1 , 𝑏2 and 𝑠arepositive then,|λ1 | > 1and|λ2 | > 1. According to Definition 2.4,𝐸1 is the source
fixed point of the system (4). So we proved the following theorem:
Theorem 3.1For all parameter values, the fixed point 𝐸1 is source and unstable fixed point of the system (4).
𝒃

3.2. The fixedpoint𝑬𝟐 (𝒂 𝟏 , 𝟎):
𝟏𝟏

Similarly, in Section 3.1, we get Jacobian matrix and characteristic polynomial for the fixed point 𝐸2 like that:
𝒃
𝐽 (𝒂 𝟏 , 0)
𝟏𝟏

1 − 𝛿𝑏1
=(
0

𝛿𝑎12 𝑏1
𝑎11

1 + 𝛿𝑏2 + 𝛿𝑠

)

(9)

𝑏1
𝑏1
𝐹(𝜆)= 𝜆2 − 𝑖𝑧𝐽(
, 0)𝜆+𝑑𝑒𝑡𝐽(
,0)
𝑎11
𝑎11
or
𝐹(𝜆)=𝜆2 − (1 − 𝛿𝑏1 + 1 + 𝛿𝑏2 + 𝛿𝑠)𝜆+(1 + 𝛿𝑏2 + 𝛿𝑠)(1 − 𝛿𝑏1 ).
Therefore characteristic values of the system (4) as follows:
λ1 =1-δ𝑏1 ,
λ2 = 1 + 𝛿𝑏2 + 𝛿𝑠.
Theorem 3.2For the fixed point 𝐸2 of the system (4).
2

a) if 𝛿 < 𝑏 , then it is source,
1

2

b) if𝛿 > 𝑏 , then it is saddle.
1

c) if𝛿 =

2
,then
𝑏1

it isnon-hyperbolic.

3.3. The fixed point 𝑬𝟑 (𝟎,

𝒃𝟐 +𝒔
):
𝒂𝟐𝟐

Similarly 𝐸1 and 𝐸2 , we obtain Jacobian matrix and characteristic polynomial for the fix point 𝐸3 as follows:
𝑏 +𝑠
𝐽 (0, 𝑎2 )
22

1 + 𝛿 (𝑏1 +
=(
0

𝑎12 (𝑏2 +𝑠)
)
𝑎22

0

)

1 − 𝛿𝑏2 − 𝛿𝑠

or
𝐽 (0,

𝐾
1 + 𝛿𝑏1 + 𝛿𝐾𝑅
)=(
𝑎22
0

0
)
1 − 𝛿𝐾

where
𝑏2 + 𝑠 = 𝐾, 𝐾 > 0
𝑎12
= 𝑅, 𝑅 > 0,
𝑎22
𝐹(𝜆)= 𝜆2 − 𝑖𝑧𝐽(0,

𝐾
𝐾
)𝜆+𝑑𝑒𝑡𝐽(0,
)
𝑎22
𝑎22

or
𝐹(𝜆)=𝜆2 − (1 + 𝛿𝑏1 + 𝛿𝐾𝑅1 − 𝛿𝐾)𝜆+(1 + 𝛿𝑏2 + 𝛿𝐾𝑅)(1 − 𝛿𝐾).
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Therefore characteristic values of the system (4) are obtained as follows:
λ1 = 1 + 𝛿𝑏1 + 𝛿𝐾𝑅
λ2 = 1 − 𝛿𝐾.
Theorem 3.3For the fixed point 𝐸3 of the system (4),
2

a) if 𝛿 < 𝐾, then it is saddle,
2
𝐾

b) if𝛿 > , then it is source.
2

c) if𝛿 = 𝐾,then it isnon-hyperbolic.

𝒃𝟏 𝒂𝟐𝟐 +𝒂𝟏𝟐 𝒃𝟐 +𝒂𝟏𝟐 𝒔 𝒃𝟐 +𝒔
, 𝒂 ):
𝒂𝟏𝟏 𝒂𝟐𝟐
𝟐𝟐

3.4. The coexistence fixed point 𝑬𝟒 = (

Finally, we obtain Jacobian matrix and characteristic polynomial for the last coexistence fixed point 𝐸4 as
follows:
1 + 𝛿 (𝑏1 −
𝐽=(

2(𝑏1 𝑎22 +𝑎12 𝑏2 +𝑎12 𝑠)
𝑎22

+

𝑎12 (𝑏2 +𝑠)
)
𝑎22

0

𝛿𝑎12 (𝑏1 𝑎22 +𝑎12 𝑏2 +𝑎12 𝑠)
𝑎11 𝑎22
)

(11)

1 − 𝛿𝑏2 − 𝛿𝑠

or
𝐽 = (1 − 𝛿𝑏1 − 𝛿𝐾𝑅
0
where

𝛿𝑅(𝑏1 𝑎22 + 𝑎12 𝐾)
)
𝑎11
1 − 𝛿𝐾

𝑏2 + 𝑠 = 𝐾,
𝐾 > 0,
𝑎12
= 𝑅,
𝑅 > 0,
𝑎22
𝑏1 𝑎22 + 𝑎12 𝑏2 + 𝑎12 𝑠 𝑏2 + 𝑠
𝑏1 𝑎22 + 𝑎12 𝑏2 + 𝑎12 𝑠 𝑏2 + 𝑠
𝐹(𝜆)= 𝜆2 − 𝑖𝑧𝐽(
,
)𝜆+𝑑𝑒𝑡𝐽(
,
)
𝑎11 𝑎22
𝑎22
𝑎11 𝑎22
𝑎22
Therefore characteristic valuesof the system (4) are obtained as follows.
λ1 = 1 − 𝛿(𝑏1 + 𝐾𝑅)
λ2 = 1 − 𝛿𝐾.
Theorem 3.4Suppose 𝛿1 =

2
𝑏1 +𝐾𝑅

2

and 𝛿2 = 𝐾. Then the fixed point 𝐸4 of the system (4),

a) if 𝛿 < 𝑚𝑖𝑛{𝛿1 , 𝛿2 }, then it islocal asymptotic stable [23],
b) if 𝛿 < 𝛿1 and 𝛿 > 𝛿2 , then it is saddle,
c) if𝛿 > 𝑚𝑎𝑥{𝛿1 , 𝛿2 }, then it is source,
d) if 𝛿 = 𝛿1 or 𝛿 = 𝛿2 , then it is non-hyperbolic.
In [23] researchers prove that discrete system (4) possesses the flip bifurcation at the fixed point 𝐸4 by
choosing as a 𝛿 bifurcation parameter if parameters vary in a small neighborhood of 𝐹𝐵1𝐸4 and 𝐹𝐵2𝐸4 where
𝛿

𝐹𝐵1𝐸4 = {(𝑎11 , 𝑎12 , 𝑎22 , 𝑏1 , 𝑏2 , 𝑠) ∈ 𝑅 6 : 𝛿 ≠ 𝛿1 𝑎𝑛𝑑 𝛿 ≠ ( 𝛿1 + 1)
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𝛿

𝐹𝐵2𝐸4 = {(𝑎11 , 𝑎12 , 𝑎22 , 𝑏1 , 𝑏2 , 𝑠) ∈ 𝑅 6 : 𝛿 ≠ 𝛿2 𝑎𝑛𝑑 𝛿 ≠ ( 𝛿1 + 1)

𝛿2 𝑎22
2

}.

We present the Flip bifurcation diagrams and Maximum Lyapunov exponent for the system (4) by choosing
sinstead of 𝛿as a bifurcation parameter in 𝐹𝐵2𝐸4 .

(a)

(b)

Figure1. Bifurcation diagrams of system (4) for 𝑎11 = 1, 𝑎12 = 1, 𝑎22 = 1, 𝑏1 = 1, 𝑏2 = 2, 𝛿 = 0.75 and initial value
(𝑥0 , 𝑦0 ) = (3.5,2.5).

Taking parameter values for 𝑎11 = 1, 𝑎12 = 1, 𝑎22 = 1, 𝑏1 = 1, 𝑏2 = 2, 𝛿 = 0.75 and initial value (𝑥0 , 𝑦0 ) =
(3.5,2.5), flip bifurcation occurs from coexistence fixed point 𝐸4 = (3.66,2.66) at 𝑠 = 0.666666666. From
Figure (1b), It is seen that the coexistence fixed point𝐸4 = (3.66,2.66) is stable 𝑠 < 0.666666666, and loses
its stability at the flip bifurcation parameter value 𝑠 > 0.666666666. Also, It is observed that the flip
bifurcation giving 2,4,8 periodic orbits occur.

Figure2. Maximum Lyapunov Exponent

We know that it is determined existence or non-existence of the chaotic solutions for a dynamical system by
calculating the Lyapunov exponent. If the system (4) has a positive largest exponent, we say that the system (4)
shows chaotic dynamics. Some Lyapunov exponents are bigger than 0, some are smaller than 0. Therefore,
there are stable fixed points or stable period windows in the chaotic region. In Figure 2, we calculate and plot
the maximum Lyapunov exponent for the system (4). Figure 2 exhibits the existenceof the chaotic regions.

4.

Chaos Control

We investigate a chaos control technique for the discrete-time system. Chaos control aims to make chaotic
behavior more predictable and stable. We use the OGY method for the system (4). Therefore we consider the
following controlled system:
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𝑥
= 𝑥𝑡 + 𝛿(𝑥𝑡 (𝑏1 − 𝑎11 𝑥𝑡 ) + 𝑎12 𝑥𝑡 𝑦𝑡 ) = 𝑓(𝑥𝑡 , 𝑦𝑡 , 𝑠)
{ 𝑡+1
𝑦𝑡+1 = 𝑦𝑡 + 𝛿(𝑦𝑡 (𝑏2 − 𝑎22 𝑦𝑡 ) + 𝑠) = 𝑔(𝑥𝑡 , 𝑦𝑡 , 𝑠)

(12)

where 𝑠 is taken as the controlling parameter.On the other hand, it is assumed that controlparameter 𝑠 satisfies
|𝑠 − 𝑠0 | < 𝜇 where 𝜇> 0 and 𝑠0 represents some nominal value, which is locatedin the chaotic region. Next, we
assume that (𝑥 ∗ , 𝑦 ∗ ) is an interior unstable fixed point of system (4). Also,suppose that (𝑥 ∗ , 𝑦 ∗ )is located in
some chaotic region. Ourmain aim is to move the unstable fixed point towards a stable one. For this, system
(12) is linearizedabout the unstable fixed point (𝑥 ∗ , 𝑦 ∗ ) as follows:
𝑥𝑡+1 − 𝑥 ∗
𝑥𝑡 − 𝑥 ∗
] + 𝐵[𝑠 − 𝑠0 ]
∗] ≈ 𝐴 [
𝑦𝑡+1 − 𝑦
𝑦𝑡 − 𝑦 ∗
where
[

(13)

𝜕𝑓(𝑥 ∗ , 𝑦 ∗ , 𝑠0 ) 𝜕𝑓(𝑥 ∗ , 𝑦 ∗ , 𝑠0 )
𝜕𝑥𝑡
𝜕𝑦𝑡
𝐴=
𝜕𝑔(𝑥 ∗ , 𝑦 ∗ , 𝑠0 ) 𝜕𝑔(𝑥 ∗ , 𝑦 ∗ , 𝑠0 )
𝜕𝑥𝑡
𝜕𝑦𝑡
[
]
2(𝑏1 𝑎22 + 𝑎12 𝑏2 + 𝑎12 𝑠0 )
𝑎12 (𝑏2 + 𝑠0 ) 𝛿𝑎12 (𝑏1 𝑎22 + 𝑎12 𝑏2 + 𝑎12 𝑠0 )
1 + 𝛿 [𝑏1 −
]+
=[
]
𝑎22
𝑎22
𝑎11 𝑎22
0
1 − 𝛿𝑏2 − 𝛿𝑠0
and
𝜕𝑓(𝑥 ∗ , 𝑦 ∗ , 𝑠0 )
0
𝜕𝑠
𝛿(𝑏
𝐵=[
] = [ 2 + 𝑠0 )].
𝜕𝑔(𝑥 ∗ , 𝑦 ∗ , 𝑠0 )
𝑎22
𝜕𝑠
Now we define the following controllability matrix for the system (12):
0
𝐶 = [𝐵: 𝐴𝐵] = [𝛿(𝑏

2 +𝑠0 )

𝑎22

𝛿 2 𝑎12 (𝑏1 𝑎22 +𝑎12 𝑏2 +𝑎12 𝑠0 )(𝑏2 +𝑠0 )
𝑎11 (𝑎22 )2
].
(1−𝛿𝑏2 −𝛿𝑠0 )𝛿(𝑏2 +𝑠0 )
𝑎22

(14)

𝑥 − 𝑥∗
Then it is easy to see that rank of 𝐶 is 2. Now suppose that [𝑠 − 𝑠0 ] = −𝐾 [ 𝑡
], where 𝑅 = [𝑝1
𝑦𝑡 − 𝑦 ∗
Consequently, the system (13) takes the following form:
[

𝑥𝑡+1 − 𝑥 ∗
𝑥𝑡 − 𝑥 ∗
[𝐴
≈
−
𝐵𝑅]
]
[
]
𝑦𝑡+1 − 𝑦 ∗
𝑦𝑡 − 𝑦 ∗

𝑝2 ].

(15)

Moreover, the fixed point(𝑥 ∗ , 𝑦 ∗ )is locally asymptotically stable if and onlyif both eigenvalues of the
matrix𝐴 − 𝐵𝑅lie in an open unit disk. The Jacobian matrix𝐴 − 𝐵𝑅 of the controlled system (15) can be written
as follows:
−𝑎22 + 𝛿𝑏1 𝑎22 + 𝛿𝑎12 𝑏2 + 𝛿𝑎12 𝑠0
𝛿𝑎12 (𝑏1 𝑎22 + 𝑎12 𝑏2 + 𝑎12 𝑠0 )
𝑎22
𝑎11 𝑎22
𝐴 − 𝐵𝑅 =
𝛿(𝑏2 + 𝑠0 )𝑝1
−𝑎22 + 𝛿𝑏1 𝑎22 + 𝛿𝑠0 𝑎22 + 𝛿𝑝2 𝑏2 + 𝛿𝑝2 𝑠0
−
−
[
𝑎22
𝑎22
]
The characteristic equation of the Jacobian matrix𝐴 − 𝐵𝑅is given by
−

𝑃(𝜆) = 𝜆2 − [2 + 𝛿 (𝑏1 −

2(𝑏1 𝑎22 + 𝑎12 𝑏2 + 𝑎12 𝑠0 ) 𝑎12 (𝑏2 + 𝑠0 )
𝛿(𝑏2 + 𝑠0 )𝑝2
+
]𝜆 +
) − 𝛿𝑏2 − 𝛿𝑠 −
𝑎22
𝑎22
𝑎22

+1 − 𝛿𝑏2 − 𝛿𝑠0 −

𝛿𝑝2 𝑏2 𝛿𝑝2 𝑠0
−
− 𝛿𝑏1 + 𝛿 2 𝑏1 𝑏2 + 𝛿 2 𝑏1 𝑠0 +
𝑎22
𝑎22
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𝛿 2 𝑏1 𝑏2 𝑝2 + 𝛿 2 𝑏1 𝑝2 𝑠0 − 𝛿𝑎12 𝑏2 + 𝛿 2 𝑎12 (𝑏2 )2 + 2𝛿 2 𝑎12 𝑏2 𝑠0− 𝛿𝑎12 𝑠0+ 𝛿 2 𝑎12 (𝑠0 )2
+
+
𝑎22
+

𝛿 2 𝑎12 [(𝑏2 )2 𝑝2 + 2𝑏2 𝑝2 𝑠0 + (𝑠0 )2 𝑝2 ] 𝛿 2 𝑎12 [𝑝1 𝑏1 𝑏2 + 𝑝1 𝑏1 𝑠0 ]
+
+
(𝑎22 )2
𝑎11 𝑎22
+

𝛿 2 (𝑎12 )2 𝑝1
[𝑏2
𝑎11 (𝑎22 )2

+ 𝑠0 ]2

(16)

Let𝜆1 and𝜆2 be the eigenvalues of the characteristic equation (16),then
𝜆1 + 𝜆2 = 2 + 𝛿 (𝑏1 −

2(𝑏1 𝑎22 + 𝑎12 𝑏2 + 𝑎12 𝑠0 ) 𝑎12 (𝑏2 + 𝑠0 )
𝛿(𝑏2 + 𝑠0 )𝑝2
+
) − 𝛿𝑏2 − 𝛿𝑠 −
𝑎22
𝑎22
𝑎22

and
𝜆1 𝜆2 = 1 − 𝛿𝑏2 − 𝛿𝑠0 −

𝛿𝑝2 𝑏2 𝛿𝑝2 𝑠0
−
− 𝛿𝑏1 + 𝛿 2 𝑏1 𝑏2 + 𝛿 2 𝑏1 𝑠0 +
𝑎22
𝑎22

+

𝛿 2 𝑏1 𝑏2 𝑝2 + 𝛿 2 𝑏1 𝑝2 𝑠0 − 𝛿𝑎12 𝑏2 + 𝛿 2 𝑎12 (𝑏2 )2 + 2𝛿 2 𝑎12 𝑏2 𝑠0− 𝛿𝑎12 𝑠0+ 𝛿 2 𝑎12 (𝑠0 )2
+
𝑎22

+

𝛿 2 𝑎12 [(𝑏2 )2 𝑝2 + 2𝑏2 𝑝2 𝑠0 + (𝑠0 )2 𝑝2 ] 𝛿 2 𝑎12 [𝑝1 𝑏1 𝑏2 + 𝑝1 𝑏1 𝑠0 ]
+
+
(𝑎22 )2
𝑎11 𝑎22

+

𝛿 2 (𝑎12 )2 𝑝1
[𝑏2
𝑎11 (𝑎22 )2

+ 𝑠0 ]2

(17)

are obtained.In order to get the lines of marginal stability we must solve the equations𝜆1 = ±1and𝜆1 𝜆2 =
1.These restrictions make sure that|𝜆1 | < 1and|𝜆2 | <1. Using 𝜆1 𝜆2 = 1in equation (17) then,
𝐿1 = [

(𝑠0 + 𝑏2 )2 (𝑎12 )2 𝑎12 𝑏1 (1 + 𝑏2 ) 2
+
] 𝛿 𝑝1
𝑎11 (𝑎22 )2
𝑎11 𝑎22

(𝑠0 + 𝑏2 )2 𝑎12 𝑏1 (1 + 𝑏2 ) 2 (𝑠0 + 𝑏2 )𝛿
+ [[
+
]𝛿 −
] 𝑝2
(𝑎22 )2
𝑎22
𝑎22
(𝑠0 + 𝑏2 )2 (𝑎12 )2
𝑎12
𝑎12
+[
+ 𝑏1 (1 + 𝑏2 )] 𝛿 2 − [(1 +
) 𝑠0 + 𝑏1 + (1 +
) 𝑏 ] 𝛿 = 0.
𝑎22
𝑎22
𝑎22 2
Furthermore, suppose that𝜆1 = 1,then
(𝑠0 + 𝑏2 )2 (𝑎12 )2 𝑎12 𝑏1 (1 + 𝑏2 ) 2
𝐿2 = [
+
] 𝛿 𝑝1
𝑎11 (𝑎22 )2
𝑎11 𝑎22
(𝑠0 + 𝑏2 )2 𝑎12 𝑏1 (1 + 𝑏2 ) 2
+[
+
] 𝛿 𝑝2
(𝑎22 )2
𝑎22
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(𝑠0 + 𝑏2 )2 (𝑎12 )2
+[
+ 𝑏1 (1 + 𝑏2 )] 𝛿 2 = 0.
𝑎22
Finally, suppose that𝜆1 = −1,then
(𝑠0 + 𝑏2 )2 (𝑎12 )2 𝑎12 𝑏1 (1 + 𝑏2 ) 2
𝐿3 = [
+
] 𝛿 𝑝1
𝑎11 (𝑎22 )2
𝑎11 𝑎22
(𝑠0 + 𝑏2 )2 𝑎12 𝑏1 (1 + 𝑏2 ) 2 2(𝑠0 + 𝑏2 )𝛿
+ [[
+
]𝛿 −
] 𝑝2 + 4
(𝑎22 )2
𝑎22
𝑎22
(𝑠0 + 𝑏2 )2 𝑎12
𝑎12
𝑎12
+[
+ 𝑏1 (1 + 𝑏2 )] 𝛿 2 − [(1 +
) 2𝑠0 + 2𝑏1 + 2 (1 +
) 𝑏 ] 𝛿 = 0.
𝑎22
𝑎22
𝑎22 2
Then, stable eigenvalues lie within the triangular region in𝑝1 𝑝2 plane bounded by thestraight lines𝐿1 , 𝐿2 , 𝐿3 for
particular parametric values.
5. Numerical Simulations
In this chapter to demonstrate the accuracy of theoretical studies, numerical examples are given using the
software Maple12.
Example 5.1In order to verify theoretical results we choose particular parametricvalues for the system (4) as
follows [25]
𝑎11 = 1.2, 𝑎12 = 1.4, 𝑎22 = 1, 𝑏1 = 1, 𝑏2 = 2, 𝑠 = 0.7, 𝐾 = 2.7, 𝑅 = 1.4
The Jacobian matrix for these parameter values is
−0.912 2.230666
𝐽=(
)
0
−0.08
Characteristic values of the jakobian matrix(18) are

(18)

λ1 = −0.912
λ2 = −0.08.
Clearly | λ1 | < 1 and | λ2 | < 1. Moreover,
𝛿1 = 0.4184100418
𝛿2 = 0.7407407408
are obtained. For 𝛿 = 0.4 andinitial condition(𝑥0 , 𝑦0 )=(3,2), the positive fixed point of the model (4) is
obtained as 𝐸4 = (3.98333, 2.7).It isa local asymptotic stable which shows the correctness of our theoretical
results.
Figure 3 shows that the fixed point of the model (4) is a local asymptotic stable where𝑋𝑡 (𝑝𝑟𝑒𝑦)and
𝑌𝑡 (𝑝𝑟𝑒𝑑𝑎𝑡𝑜𝑟) population density, respectively.
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Figure 3. A stable fix point of the system (4) for 𝑎11 = 1.2, 𝑎12 = 1.4, 𝑎22 = 1, 𝑏1 = 1, 𝑏2 = 2, 𝛿 = 0.4, 𝑠 = 0.7, 𝐾 =
2.7, 𝑅 = 1.4 and initial value (𝑥0 , 𝑦0 ) = (3,2).

Example 5.2 For the parameter values
𝑎11 = 1.2, 𝑎12 = 1.4, 𝑎22 = 1, 𝑏1 = 1, 𝑏2 = 2, 𝑠 = 0.2, 𝐾 = 2.2, 𝑅 = 1.4
the positive fixed point of system (4) is 𝐸4 = (3.4, 2.2). The Jacobian matrix for these parameter values
−0.428 1.666
𝐽=(
)
0
0.23

(19)

and thecharacteristic values of the (13)
λ1 = −0.418
λ2 = 0.23.
Here | λ1 | < 1 and | λ2 | < 1. Also,
𝛿1 = 0.4901960784
𝛿2 = 0.9090909090
is obtained. For 𝛿 = 0.35 and(𝑥0 , 𝑦0 )=(3, 1.9), the fixed point is𝐸4 = (3.4, 2.2). It is local asymptotic stable
for all above parameter values
Figure 4 shows graphs showing 𝑋𝑡 (𝑝𝑟𝑒𝑦)and 𝑌𝑡 (𝑝𝑟𝑒𝑑𝑎𝑡𝑜𝑟) population density, respectively.
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Figure 4. A stable fix point of the system (4) for 𝑎11 = 1.2, 𝑎12 = 1.4, 𝑎22 = 1, 𝑏1 = 1, 𝑏2 = 2, 𝛿 = 0.35, 𝑠 = 0.2
,

𝐾 = 2.2, 𝑅 = 1.4 and initial value (𝑥0 , 𝑦0 ) = (3,1.9).

Example 5.3For the following parameter values
𝑎11 = 1.2, 𝑎12 = 1.4, 𝑎22 = 1, 𝑏1 = 1, 𝑏2 = 2, 𝑠 = 0.3, 𝐾 = 2.9, 𝑅 = 1.4
the positive fixed point of system (4) is 𝐸4 = (4.21666, 2.9). Jacobian matrix
−0.518 1.771
𝐽=(
)
0
0.13

(20)

andcharacteristic values
λ1 = −0.518
λ2 = 0.13.
Here | λ1 | < 1 and | λ2 | < 1. So
𝛿1 = 0.3952569170
𝛿2 = 0.6896551724
it is obtained. If we choose 𝛿 = 0.3 and(𝑥0 , 𝑦0 ) = (4, 2.7)we get fixed point𝐸4 = (4.21666, 2.9)and it is local
asymptotic stablefor above parameter values.
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Figure 5. A stable fix point of the system (4) for 𝑎11 = 1.2, 𝑎12 = 1.4, 𝑎22 = 1, 𝑏1 = 1, 𝑏2 = 2, 𝛿 = 0.3, 𝑠 = 0.3, 𝐾 =
2.9, 𝑅 = 1.4 and initial value (𝑥0 , 𝑦0 ) = (4,2.7).

Example 5.4 For the following parameter values
𝑎11 = 1.2, 𝑎12 = 1.4, 𝑎22 = 1, 𝑏1 = 1, 𝑏2 = 2, 𝑠 = 0.5, 𝐾 = 2.5, 𝑅 = 1.4
the positive fixed point of system (4) is 𝐸4 = (3.41666, 2.5). Jacobian matrix for these parameter values
−0.8 2.1
𝐽=(
)
0
0

(21)

and characteristic values
λ1 = −0.8
λ2 = 0.
Clearly| λ1 | < 1 and | λ2 | < 1. Therefore
𝛿1 = 0.4444444
𝛿2 = 0.8000000
are obtained. Here, choosing 𝛿 = 0.4and (𝑥0 , 𝑦0 )=(3.5, 2) the fixed point 𝐸4 = (3.41666, 2.5)is obtained. For
the above parameter values it is local asymptotic stable.
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Figure 6. A stable fix point of the system (4) for 𝑎11 = 1.2, 𝑎12 = 1.4, 𝑎22 = 1, 𝑏1 = 1, 𝑏2 = 2, 𝛿 = 0.4, 𝑠 = 0.5, 𝐾 =
2.5, 𝑅 = 1.4 and initial value (𝑥0 , 𝑦0 ) = (3.5,2).

Example 5.5.For the following parameter values
𝑎11 = 1, 𝑎12 = 1, 𝑎22 = 1, 𝑏1 = 1, 𝑏2 = 2, 𝑠0 = 0.668, 𝛿 = 0.75, thesystem (4) has a unique positive fixed
point(𝑥 ∗ , 𝑦 ∗ )=(3.668, 2.668). Then we get
𝐴=[

0
−1.751 2.751
0
2.0632500
],𝐵 = [
] , 𝐶 = [𝐵: 𝐴𝐵] = [
]
2.001
0
−1.001
2.001 −2.003001

It is easy to check that the rank of𝐶matrix is 2. Therefore the system iscontrollable. Then,for 𝐾 = [𝑝1
Jacobian matrix
−1.751
2.751
𝐴 − 𝐵𝑅 = [
]
−2.001𝑝1 −1.001 − 2.001𝑝2

and the characteristic polynomial
𝑃(𝜆) = 𝜆2 − (−2.752 − 2.001𝑝2 ) + 1.752751 + 3.503751𝑝2 + 5.504751𝑝1
Also, the lines𝐿1 ,𝐿2 and𝐿3 for marginal stability are given by
𝐿1 = 0.752751 + 3.503751𝑝2 + 5.504751𝑝1 = 0,
𝐿2 = 5.504751 + 5.504751𝑝2 + 5.504751𝑝1 = 0,
𝐿3 = 0.000751 + 1.502751𝑝2 + 5.504751𝑝1 = 0.
Then, the stable triangular region bounded by marginal lines𝐿1 ,𝐿2 and𝐿3 is shown in Figure 7.
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Figure 7. Triangular stability region bounded by 𝐿1 , 𝐿2 and 𝐿3 for the controlled system.

6.

Conclusion

In this study, we deal with a discrete-time prey-predator system with constant rate of immigration on
predatorwhich is obtained by implementing forward Euler’s scheme and analyze existence fixed points. We
showed that system(4) has fourpositive fixed points. Then we analyzed topological classifications and stability
of these fixed points.Moreover, OGY feedback control method is to implement to control chaos caused by the
Flip bifurcation. Finally, Flip bifurcation, maximum Lyapunov exponent, chaos control strategy, and
asymptotic stability of the only positive fixed point are verified with the help of numerical simulations.
We can observe interesting dynamical behavior as immigration parameter 𝑠 varies. When the immigration
parameter rate 𝑠is less than critical value; a stable-steady state exists. With the increase of the immigration
parameter rate 𝑠, the steady state losses the stability and it is interesting to observe the occurrance of Flip
bifurcation whichleads to chaos. We show that the system may have rich dynamics with the change of
immigration rate. Seems the immigration rate for predator can stabilize the ecosystem.
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Aim of this study is to examine the effect of various potentials on continuum discretized
coupled channel (CDCC) calculations. For this, the elastic scattering cross section of 11Be
projectile from 120Sn target is calculated by using ten different potentials. The results are
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1.

Introduction

Nuclear potential plays an important role in explaining
nuclear reactions. Although there are different nuclear
potentials in the literature, determining alternative
potentials is still one of the hot topics of nuclear
physics. Proximity potentials have an important place
among alternative nuclear potentials, and have widely
been evaluated in analysing cluster decay and fusion
reactions [1-4]. Recently, proximity potentials have
also been applied on elastic and quasielastic scattering
reactions [5-8].
Continuum discretized coupled channel (CDCC) is an
effective model in explaining different nuclear
interactions such as elastic scattering, inelastic
scatttering, breakup reaction. In this respect, a lot of
studies as theoretical and experimental have been
performed [9-13]. Theoretical studies have been
carried out using different potentials. However, it is
still needed to determine new alternative nucler
potential for CDCC calculations.
In this paper, we aim to get alternative potentials in
CDCC analysis of nuclear interactions. Our study
consists of three steps. In one step, the elastic scattering
cross-section (ESCS) of 11Be + 120Sn system is
calculated by using eight type potentials. In the second
and third steps, the calculations are performed for

Keywords:
Nuclear potential,
proximity potential,
CDCC model,
Optical model

phenomenological and double folding potentials,
respectively.

2. Theoretical Formalizm
2.1. CDCC model
In this study, we use the CDCC model within the
optical model limits to explain 11Be + 120Sn system,
which is evaluated in describing nuclear interactions.
In the CDCC model, projectile is considered as
nucleon-core system, and total system are composed as
nucleon-core,
nucleon-target
and core-target.
Discretization has been obtained by the average
method (Av) in the CDCC calculation [14,15]. In the
CDCC calculations, coupled channel equation is
[𝐸 − 𝐾𝑅 − 𝜀𝑖 ]𝜒𝑖 (𝑟) = ∑𝑁
𝑗 ⟨𝜙𝑖 |𝑈|𝜙𝑗 ⟩𝜒𝑗 (𝑅),
where the bound and discretized continuum states are
demonstrated by 𝜙𝑖 , U is total potential, and 𝜀𝑖 is
energy of nucleon-core system [14]. S-matrix elements
are obtained with solving this equations.
The projectile 11Be is assumed as 11Be → 10Be + n in
the calculations, and is discretized to energy bins.
Thus, 11Be + 120Sn system is evaluated as n + 10Be, n +
120
Sn and 10Be + 120Sn. The nuclear potentials of n +
10
Be and n + 120Sn systems are taken from Ref. [16] and
Ref. [17], respectively. On the other hand, the nuclear
potential of 10Be + 120Sn system is calculated by using

*Corresponding author. e-mail address: skaratepe@beu.edu.tr
http://dergipark.gov.tr/csj ©2020 Faculty of Science, Sivas Cumhuriyet University
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eight
different
proximity
type
potentials,
phenomenological potential and double folding
potential whose a brief summary is given in the

following subsection. The CDCC calculations have
been performed by the code FRESCO.

2.2. Potentials
2.2.1. Promimity 1977, 2003-I, 2003-II, 2003-III and 2010 potentials
Proximity 1977 (Prox 77) [18] can be written as
𝑉(𝑟) = 4𝜋𝛾𝑏𝑅̅ Φ(𝜉) MeV,

(2)

where
𝑁−𝑍

𝛾 = γ0 [1 − 𝑘𝑠 (𝑁+𝑍)2 ],

𝐶 𝐶

𝑅 = 𝐶 1+𝐶2 ,

𝑏 ≈ 1 fm,

1

(3)

2

and
𝑏 2
𝑅𝑖

1/3

𝐶𝑖 = 𝑅𝑖 [1 − ( ) + ⋯ ],

𝑅𝑖 = 1.28𝐴𝑖

−1/3

− 0.76 + 0.8𝐴𝑖

fm,

(𝑖 = 1,2)

(4)

with
Φ(𝜉) = {

1
2

− (𝜉 − 2.54)2 − 0.0852(𝜉 − 2.54)3

𝜉 ≤ 1.2511,

𝜉
−3.437exp(− 0.75)

(5)

𝜉 ≥ 1.2511,

Proximity 2003-I, 2003-II, 2003-III and 2010 potentials are same as that of Prox 77, but for different parameters
listed in Table 1 [17, 18].
Table 1. Parameters of Prox 77, Prox 2003-I, Prox 2003-II, Prox 2003-III and Prox 2010 potentials.
𝑘𝑠

Potential type

𝛾0, MeV/fm2

Prox 77

0.9517

1.7826

Prox 2003-I

1.08948

1.9830

Prox 2003-II

0.9180

0.7546

Prox 2003-III

0.911445

2.2938

Prox 2010

1.460734

4.0

2.2.2. Broglia and Winther 1991 (BW 91) potential
BW 91 potential is definited as [3]
𝑉(𝑟) = −

𝑉0
𝑟−𝑅0
[1+exp(
)]
𝑎

,

𝑅 𝑅

𝑉0 = 16𝜋 𝑅 1+𝑅2 𝛾𝑎,
1

2

a=0.63 fm,

(6)

where
1/3

𝑅0 = 𝑅1 + 𝑅2 + 0.29, 𝑅𝑖 = 1.233𝐴𝑖

−1/3

− 0.98𝐴𝑖

𝑁1 −𝑍1 𝑁2 −𝑍2
)( 𝐴 )].
𝐴1
2

fm (𝑖 = 1,2), 𝛾 = 0.95 [1 − 1.8(

902

(7)
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2.2.3. Aage Winther (AW 95) potential
AW 95 potential [4,16] is the same as the other parameters of BW 91 potential except for the following parameters
𝑎=

1

𝑅0 = 𝑅1 + 𝑅2 ,

,

−1/3
1/3
1.17(1+0.53(𝐴1
+𝐴2 ))

1/3

𝑅𝑖 = 1.2𝐴𝑖

− 0.09 fm (𝑖 = 1,2).

(8)

2.2.4. Chirstensen and Winther 1976 (CW 76) potential
CW 76 is [19]
𝑅 𝑅

𝑟−𝑅1 −𝑅2
)
0.63

𝑉(𝑟) = −50 𝑅 1+𝑅2 Φ (
1

1/3

𝑅𝑖 = 1.233𝐴𝑖

2

−1/3

− 0.978𝐴𝑖

MeV,
fm

(9)

(𝑖 = 1,2).

(10)

2.2.5. Phenomenological potential
The phenomenological potential is assumed as
𝑉𝑁 (𝑟) = −

𝑉0
𝑟−𝑅𝑉
[1+exp(
)]
𝑎𝑉

−𝑖

𝑊0
[1+exp(

(11)

𝑟−𝑅𝑤
)]
𝑎𝑤

where 𝑉0 and 𝑊0 are the depths of real and imaginary potentials, 𝑅𝑉(𝑊) is the nuclear radius of real(imaginary),
and 𝑎𝑉(𝑊) is the diffusion parameter of real(imaginary), respectively.
2.2.6. Double folding potential
The double folding potential can be presented as
𝑉 = ∫ 𝑑𝑟⃗1 ∫ 𝑑𝑟⃗2 𝜌1 (𝑟1 )𝜌2 (𝑟2 )𝑣𝑁𝑁 (𝑟12 = |𝑅⃗⃗ + 𝑟⃗2 − 𝑟⃗1 |)

(12)

where, ρ1(r1) is nucleon density of the projectile, ρ2(r2) is the nucleon density of the target and V(r12) is the
nucleon-nucleon interaction potential with M3Y. Density distribution of 10Be has been used as gaussian density
in the following form [20]
𝜌(𝑟) = 𝜌0 exp(−𝛽𝑟 2 )

(13)

where 𝜌0 = 0.0992 fm-3 and 𝛽 = 0.424 fm-2. Density distribution of 120Sn has been taken from the Ref. [21].

3. Results and Discussion
11

120

We investigated the ESCS of Be projectile from Sn
target at 32 MeV by using various potentials within the
framework of CDCC model. Since the real part of core
(10Be) – target (120Sn) nuclear potential is more
effective in 11Be + 120Sn interaction, we calculated the
ESCS for different potentials of 10Be - 120Sn system.
For this, we first used eight type potentials such as Prox

77, Prox 2003-I, Prox 2003-II, Prox 2003-III, Prox
2010, BW 91, AW 95, and CW 76. The changes with
r (fm) of the real potentials were shown in Figure 1.
The imaginary potential was taken in the WoodsSaxon shape for all the theoretical calculations. The
parameters of the imaginary potential were selected as
free parameters to provide consistent with the
experimental results, and were listed in Table 2.
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Figure 1. The changes with r (fm) of Prox 77, Prox 2003-I, Prox 2003-II, Prox 2003-III, Prox 2010, BW 91, AW 95 and
CW 76 for 10Be + 120Sn system.
Table 2. Parameters of the core-target imaginary potential for the potentials.
Potential Type

W0 (MeV)

rw (fm)

aw (fm)

χ2

Prox 77

55

1.39

0.850

0.0495

Prox 2003-I

55

1.39

0.850

0.0661

Prox 2003-II

55

1.39

0.850

0.0661

Prox 2003-III

55

1.39

0.850

0.0661

Prox 2010

55

1.39

0.850

0.0661

BW 91

20

1.39

0.900

0.0656

AW 95

20

1.39

0.900

0.0657

CW 76

20

1.39

0.900

0.0661

Phenomenological

80

1.35

0.900

0.1604

Double Folding

80

1.35

0.857

0.0710

The ESCS calculated for all analyzed potentials are
plotted in Figure 2. The theoretical results are coherent
with the data at small angles, but are not at large angles.

Additiınally, we can see that the result with Prox 77
slightly better than the other potentials.
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Figure 2. The ESCS of 11Be + 120Sn system at 32 MeV for Prox 77, 2003-I, 2003-II, 2003-III, 2010, BW 91, AW 95 and
CW 76. The experimental data is taken from Ref. [22].

We also compared the results of Prox 77 potential with
the results of phenomenological and double folding
potentials in Figure 3. We also gave the potential
parameters in Table 2. We observed that the result of
optical potential is close to the oscillating structure
seen at the data. Moreover, we noticed that the optical
potential has given closer results to the data while other
potentials cannot approach the data at forwards angles.

From this point of view, it can be said that the
compatibility of the results of the optical potential with
the experimental data is better than the results of both
Prox 77 and double folding potential. We think that this
is because the variable parameter of the optical
potential is higher than the other potentials, and the
change of both real and imaginary potentials is more
effective.

Figure 3. Comparison of the ESCS with Prox 77, phenomenological and double folding potentials of 11Be + 120Sn system
at 32 MeV. The experimental data is taken from Ref. [22].
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11Li + 28Si reaction and its consequences, Turk.
J. Phys., 42 (2018) 302-311.

4. Summary
In this study, we focused on the effect of different
nuclear potentials on the CDCC calculations for 11Be +
120
Sn elastic scattering reaction at 32 MeV. We used
eight different potentials for the real potential. We
compared our results with the data. Then, we compared
the results of Prox 77 potential with the results of
phenomenological and double Folding potentials. We
noticed that the optical potential gives better result than
Prox 77 and double folding potentials. Consequently,
Prox 77 potential can be suggested as alternative
potential compared to other proximity potentials in
CDCC analysis of nuclear interactions.
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Abstract
In the present work, the electrical resistivity, thermal conductivity and microstructure of the
70 at. % Al-15 at. % Sn-15 at. % Zn alloy have been investigated. The electrical resistivity of
the alloy was obtained by four-point probe (DC 4PPT) method. Electrical resistivity
measurements are used in conjunction with Wiedeman-Franz (W-F) law and Smith-Palmer
(S-P) equations to obtain the thermal conductivity of the alloy. The microstructure parameters
of the Al-Sn-Zn ternary alloy were obtained by XRD. The surface and phases of alloy were
showed by SEM, and the composition of each phase was determined by EDX.

1.

Introduction

In various engineering applications, one of the areas
where Al-Sn based alloys are widely used as a plain
bearing especially in internal combustion engines.
The microstructure of this alloy consists of phases aAl and b-Sn. Sn phase provides the low friction
coefficient required for bearing applications. New
generation motors and hybrid systems bring harder
working conditions to plain bearings, so what
bearing materials need to have better friction
properties [1,2].
In addition, Aluminum alloys have interesting
electrochemical behavior and electrical properties
[3-11]. Visible changes in the electrochemical
behavior of Aluminum have been reported even
when there is a small amount of Sn [5-8] or Zn [911] are introduced to it as alloying activator
elements, these elements shift negative values the
pitting potential of Aluminum which allowing the
alloy to be used as anode material in batteries or in
cathodic protection systems for underwater
installations. Because of these advantages, many
studies have been conducted
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electrochemical behaviour of Al, Al-Sn, Al-Zn and
Al-Sn -Zn alloys [12,13].
The main purpose of this study is to examine the
thermo-electrical properties of the Al-Sn-Zn alloy
and determine how the addition of Sn and Zn
elements to the aluminum affects the changes of this
property

2. Materıals and Method
2.1. Determination of microstructure
The metallic elements were melted depending on the
composition of the alloy using 99.99 % pure Al, Sn
and Zn in the vacuum furnace. The resulting alloy
was poured into the mold with a length of about 2
cm and a diameter of 3 cm [for the details see
Refs.14-16].
The obtained samples were cut with a miniton
device in a 1 cm radius. Samples were rounded and
polished to reveal their microstructure. SEM and
EDX measurements were made. From the XRD
patterns, the crystal symmetry and cell parameters of
the samples were obtained by computer-interfaced
advanced diffractometer Bruker AXS D8 XRD [1722].

*Corresponding author. e-mail addresses : cbillur@cumhuriyet.edu.tr
http://dergipark.gov.tr/csj ©2020 Faculty of Science, Sivas Cumhuriyet University
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1.1. Measurements

Fig.1. SEM image and EDX analysis of 70 at. % Al-15 at. % Sn-15 at. % Zn ternary alloy.

This machine is measuring between angular ranges
0o < 2𝜃 < 90o
with using Bragg-Brentano
geometry. The divergence and receiving slit of 1 mm
and 0.1 mm is using by the diffractometer. The
diffracted rays were counted with a NaI (Tl)
scintillation detector and the diffraction patterns
were scanned in steps of 0.002o (2θ). The XRD
patterns of the Al, Sn, and Zn samples were chosen
by using the High Score Plus computer program.

multimeter. Standard conversion method was used
to achieve current voltage drop [23,24] and the
electrical resistance and conductivity measurements
were done by this method.
In the DC 4PPT method, measurement errors have
been blocked due to probe resistance, spread
resistance under each probe, and contact resistances
between metal probes and material [15].
However, the temperature coefficient of resistivity
(TCR) of the Al-Sn -Zn ternary alloy calculated
from the results of electrical resistivity between 300520 K with the formula below:

2.2 Measurement of electrical properties
By four-point probe (DC 4PPT) method was used to
measure the electrical resistivities of the samples.
The sample was placed in Nabertherm oven. The
oven temperature was adjusted between 300-520 K.
The temperature was measured by using standard
0.5 mm K type thermocouples.

1 𝑑𝜌
𝛼𝜌 = ( ) ( )
𝜌1 𝑑𝑇
1 ∆𝜌
= ( )( )
𝜌1 ∆𝑇

Thermocouples were placed very close to the sample
to determine the temperature falling on the sample
in the most precise way and the temperature of the
sample was obtained with a Keithley 2700

(1)

where 𝛼𝜌 is the TCR in the temperature between
∆𝑇 = 𝑇2 − 𝑇1 and ∆𝜌 = 𝜌2 −𝜌1 ,
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Fig.2. The measured XRD patterns for 70 at. % Al-15 at. % Sn-15 at. % Zn ternary alloys

𝜌1 , is the resistivity at T1 and 𝜌2 , is the resistivity at T2.
2.3. Obtaining thermal conductivity
In solids, heat is carried out by various carriers, such as phonons, electrons. There are, however, two types of
basic heat carriers in metals: electrons and lattice waves. Accordingly, the components of thermal conductivity
are given as follows:
𝜅 = 𝜅𝑒 + 𝜅g

(2)

where 𝜅𝑒 is the electronic component and 𝜅g is the lattice component [25].
Table 1. The microstructure properties for 70 at. % Al-15 at. % Sn-15 at. % Zn ternary alloys.
a(Ao)

b(Ao)

c(Ao)

V(Ao)3

Crystal structure

Al

4.0494

4.0494

4.0494

66.40

Cubic

Sn

5.8200

5.8200

5.8200

107.54

Tetragonal

Zn

2.6590

2.6590

2.6590

30.23

hexagonal

Sample

70 at. % Al-15 at. % Sn-15 at. %
Zn

The relationship between temperature vs. thermal
and electrical conductivities can be given by
Wiedemann-Franz (W-F) law, which is related to the
contribution of free electrons in metals to heat and
electricity transport [26]:
𝜅𝑒
=𝐿
𝜎𝑇

conductivity is directly proportional to temperature,
while electrical conductivity is inversely
proportional.
There are experimental studies which have been
carried out to measure the thermal conductivity of
alloys in the litereature. In some of these studies, the
thermal conductivity of alloys has been shown to be
temperature dependent [27-29].

(3)

where 𝜅𝑒 , 𝜎, T and L are thermal conductivity,
electrical conductivity, temperature, and Lorenz
number, respectively. In pure metals, thermal

The W-F law is used to obtain the Lorenz number.
In this case, the Lorenz number (2.45 x 10-8 WΩ/ K2
) is calculated using the free electron model and the
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experimental results of L have temperature
dependent even for some pure metals [30]. At the
same time, in the literature, it was observed that the
L value depends on the properties of the material.
The L value was well known for pure materials, but
not alloys or composites. We used the electrical
conductivity values together with the L coefficient

to find the change in thermal conductivity based on
temperature. The Lorenz numbers for tin, aluminium
and zinc are 2.30x10-8 WΩ/ K2, 2.19x10-8 WΩ/ K2,
2.54x10-8 WΩ/ K2, respectively. Using these
coefficients, the Lorenz number of the alloy is
obtained as 2.26 x10-8 WΩ/ K2.

Fig.3. Electrical resistivity of the pure Al, pure Sn, pure Zn and 70 at. % Al-15 at. % Sn-15 at. % Zn alloy system versus
temperature.

resistivity at T1 and 𝜅2 is the thermal resistivity at
T2.

The W-F law was modified by Smith-Palmer to
obtain thermal conductivity of Cu-based alloys from
electrical resistivity values. The Smith-Palmer (S-P)
formula is given as follows [31]:
𝜅 = 𝐴𝐿𝜎𝑇 + 𝐵,

(4)

here the constants B and A are related to the system.
The first term on the right side in equation (4) gives
the contribution of scattering of electrons by
phonons to thermal conductivity.
In addition, the electrical resistivity results for the
300-520 K temperature range are used to calculate
the temperature coefficient of the thermal resistivity
(TCTR), 𝛼𝜅 of the Al-Sn-Zn ternary alloy by the
following equation,
1

𝑑𝜅

1

Δ𝜅

𝛼𝜅 = (𝜅 ) (𝑑𝑇) = (𝜅 ) (Δ𝑇)
1

1

(5)

where 𝛼𝜅 is the TCTR in the temperature between
Δ𝑇 = 𝑇2 − 𝑇1 and, Δ𝜅 = 𝜅2 − 𝜅1 , 𝜅1 is the thermal
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Fig.4. The variations of the thermal conductivity with temperature 70 at. % Al-15 at. % Sn-15 at. % Zn alloy system from
a.) the W-F equation b.) the S-P equation

3.

Results and Discussion
phonons. Thus, the number of collisions made by
electrons with each other and phonons increases. As
a result, the time between two collisions decreases.
This means that electrical resistivity increases. In
addition, electrical and thermal conductivities are
influenced by many different variables such as
sample size and thickness, geometric correction as a
function of the distance between the probes,
mobility of charge carriers, crystal defects.

SEM images and EDX analysis can be seen from Fig
1. Each phase of Al-Sn-Zn alloy was determined by
SEM analysis. According to these analyzes, the alloy
was homogeneous and no structural defects or
impurities were observed. The nominal composition
of quantitie of the phases was determined by EDX
analysis.
XRD, which contains many phase data, gives the
most suitable results for the peaks of our alloy. As
seen in the Fig.2, The most severe peaks of the Al,
Sn and Zn phases were displayed 30o-50o. Thus, both
XRD and EDX analysis show that only three phases
are present in the microstructure of the Al-Sn-Zn
alloy. The crystal systems and lattice parameters of
Al-Sn-Zn alloy were determined by XRD. Details of
XRD analysis can be seen from Table 1.

Thermal conductivity was calculated using electrical
resistivity values. The graphics for both SmithPalmer and Wiedemann-Franz formulas are given in
Fig.4. As shown in Fig.4, the thermal conductivities
decrease with increasing temperature. It is observed
that the decrease in thermal conductivity is slower
compared to the increase of electrical resistivity. The
main reason for this decline is rising temperature
increases the number of load carriers and lattice
vibrations. In metals the increase of lattice vibration
is greater than that of load carriers, thermal
conductivity decreases. This result was the same for
both Smith-Palmer and Wiedemann-Franz. The
closeness of the results obtained with these two
formulas can be seen in Fig.5

The electrical resistvity values of the alloy and pure
elements are shown in Fig.3. It was observed that
these values increased with linearly with increasing
temperature. Also observed that the electrical
resistivity value of the alloy has decreased below the
pure Al value with the addition of Sn and Zn. The
number of electrons above the Fermi energy in
metals provides electrical conduction. Increased
temperature in metals increases lattice vibrations i.e
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Fig.5. Change of thermal conductivity for 70 at. % Al-15 at. % Sn-15 at. % Zn alloy according to S-P and W-F equations
depending on temperature.

solidification. Journal of Alloys
Compounds, 805 (2019) 709-717.

4. Conclusion
The structural properties (phases, crystal
symmetries, volume…etc) of the samples were
determined by the XRD, SEM and EDX
measurements.
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648-655.

The electirical resistivty of the alloy was measured
by the four point probe (DC 4PPT) in the range of
300-520 K and were seen to increase with increasing
temperature as expected. Electrical resistivity of
alloy decreased by adding Sn and Zn to pure Al.
Based on the electrical measurement results, thermal
conductivity values were reached with the help of
Wiedeman-Franz and Smith-Palmer laws. The
results show that the thermal conductivity values
decrease more slowly than the change slope of the
electrical resistivity.

[4] Tie D. Wang Y. Wang X. Guan R. Yan L.
Zhang J. Cai Z. Zhao Y. Gao F and Liu H.,
Microstructure Evolution and Properties
Tailoring of Rheo-Extruded Al-Sc-Zr-Fe
Conductor via Thermo-Mechanical Treatment,
Metals, 13 (2020) 845-10.
[5] Salinas D.R. Bessone J.B., Electrochemical
Behavior of Al-5%Zn-0.1%Sn Sacrificial
Anode in Aggressive Media: Influence of Its
Alloying Elements and the Solidification
Structure, Corrosion, 47 (1991) 665-673.

Conflicts of interest
Sample sentences if there is no conflict of interest:
The outhors state that did not have conflict of
interests

[6] Kliskic M. Radosevic J. Aljinovic L.J.,
Behaviour of Al-Sn alloy on the negative side
of the open-circuit potential, J. Appl.
Electrochem., 24 (1994) 814-818.

References
[1] Lucchetta M.C. Saporiti F. Audebert F.,
Improvement of surface properties of an AlSn-Cu plain bearing alloy produced by rapid
913

Alper Billur, Saatçi./ Cumhuriyet Sci. J., 41(4) (2020) 908-915

[7] Gudic S. Radosevic J. Kliskic M., Impedance
and transient study of aluminium barrier-type
oxide films, J. Appl. Electrochem, 26 (1996)
1027-1035.

[18] Ortiz A.L. Shaw L., X-ray diffraction analysis
of a severely plastically deformed aluminum
alloy, Acta Mater., 52 (2004) 2185-2197.
[19] Pinasco M.R. Cordano E. Giovannini M., X-ray
diffraction and microstructural study of PFM
precious metal dental alloys under different
metallurgical conditions, J.Alloys Compd., 289
(1999) 289-298.

[8] Gudic S. Radosevic J. Kliskic M., Impedence
transient study of barrier ®lms on aluminium
and Al-Sn alloys. Proceedings of the
Symposium on Passivity and its Breakdown.
Electrochemical Society, INC, New Jersey,
1997, p. 689.

[20] Kasai M. Matsubara E. Saida J. Nakayama M.
Uematsu K. Zhang T. Inoue A., Crystallisation
behaviour of Cu60Zr30Ti10 bulk glassy alloy,
Mater. Sci. Eng. A, 375 (2004) 744-748.

[9] Bessone J.B. Flamini D.O. Saidman S.B.,
Comprehensive model for the activation
mechanism of Al-Zn Alloys produced by
Indium, Corros Sci., 47 (2005) 95-105.

[21] Cullity B.D., Elements of X-Ray Diffraction,
third ed., United States of America: AddisonWesley Publishing Company, Inc, 1967.

[10] Reboul M.C. Gimenez P.H. Rameau J.J., A
Proposed Activation Mechanism for Al
Anodes, Corrosion, 40 (1984) 366-371.

[22] Callister W.D., Materials Science and
Engineering-an Introduction, New York: John
Wileyand Sons, 1997.

[11] Tamada A. Tamura Y., The electrochemical
characteristics of aluminum galvanic anodes in
an arctic seawater, Corros. Sci., 34 (1993) 261277.

[23] Zhou D.J., Study on Al-Sn-Si-Cu Bearing
Alloy, J. Light Alloy Fabr. Technol., 28 (5)
(2000) 44-46.

[12] Khireche S. Boughrara D. Kadri A. Hamadou
L. Benbrahim N., Corrosion mechanism of Al,
Al-Zn and Al-Zn-Sn alloys in 3wt.%NaCl
solution, Corrosion Science, 87 (2014) 504516.

[24] G.C., Influence of Silicon Content on Friction
and Wear Characteristics of New Al-Sn-Si
Alloys, The Chin. J. Nonferrous Metals, 8 (9)
(1998) 101-105.
[25] Şahin M. Çadırlı E. Bayram Ü. Ata Esener P.,
Investigation of the thermoelectrical properties
of the Sn91.22x–Zn8.8–Agx, Journal of Thermal
Analysis and Calorimetry, 132 (2018) 317–
325.

[13] El Shayeb H.A. Abd El Wahab F.M. Zein El
Abedin S., Electrochemical behaviour of Al,
Al-Sn, Al-Zn and Al-Zn-Sn alloys in chloride
solutions containing stannous ions, Corrosion
Science, 43 (2001) 655-669.

[26] Kittel C. Introduction to solid state physics, .
6th ed., New York: Wiley, 1965.

[14] Ari M. Saatçi B. Gündüz M. Meydaneri F.
Bozoklu M., Microstructure and thermoelectrical transport properties of Cd–Sn alloys,
M. Mater. Charact., 59 (2008) 624-630.

[27] Li X. Yu J.J., Modeling the effects of Cu
variations on the precipitated phases and
properties of Al-Zn-Mg-Cu alloys, J. Mater.
Eng. Perform., 22 (2013) 2970–2981.

[15] Ari M. Saatçi B. Gündüz M. Payveren M.
Durmus S., Thermo-electrical characterization
of Sn–Zn alloys, Mater. Charact,. 59 (2008)
757-763.

[28] Hamilton C. Sommers A. Dymek S., A thermal
model of friction stir welding applied to Scmodified Al–Zn–Mg–Cu alloy extrusions, Int.
J. Mach. Tool. Manu., 49 (2009) 230–238.

[16] Saatci B. Ari M. Gündüz M. Meydaneri F.
Bozoklu M. Durmus S., Thermal and Electrical
Conductivities Of Cd-Zn Alloys, J. Phys.
Condens. Matter, 18 (2006) 10643-10653.

[29] Murthy K.V.S. Girisha D.P. Keshavamurthy
Varol R. T. Koppad P.G., Mechanical and
thermal properties of AA7075/TiO2/Fly ash
hybrid composites obtained by hot forging,
Prog. Nat. Sci.-Mater., 27 (2017) 474–481.

[17] Jǔskenas R. Mockus Z. Kanapeckaite S.
Stalnionis G. Survila A., XRD studies of the
phase composition of the electrodeposited
copper-rich Cu–Sn alloys, Electrochimica
Acta, 52 (2006) 928-935.

[30] Kumar G.S. Prasad G. Pohl R.O., Review
experimental determinations of the Lorenz
number, J Mater Sci., 28 (1993) 4261–4272.

914

Alper Billur, Saatçi./ Cumhuriyet Sci. J., 41(4) (2020) 908-915

[31] Smith C.S., Palmer E.W., Thermal and electric
conductivies of copper alloys, Trans. AIME,
117 (1935) 225-243.

electrical properties of A707 alloys,
Thermochimica Acta, 673 (2019) 177–184
[33] Y. Yao, J. Fry, M.E. Fine, L.M. Keer., The
Wiedemann–Franz–Lorenz relation for leadfree solder and intermetallic materials, Acta
Mater., 61 (2013) 1525–1536.

[32] Çadırlı E. Kaya H. Büyük U. Şahin M. Üstün
E. Gündüz M., Investigation of the thermo-

915

Cumhuriyet Science Journal
e-ISSN: 2587-246X
ISSN: 2587-2680

Cumhuriyet Sci. J., 41(4) (2020) 916-928
http://dx.doi.org/10.17776/csj.762184

Spectroscopic properties of vitamin C: A theoretical work
Lana OMER AHMED 1, 3 , *

, Rebaz ANWAR OMER

2, 4

1

Koya University, Faculty of Science & Health, Department of Chemistry, Koya KOY45, F.R. IRAQ

2

Koya University, Faculty of Science & Health, Department of Physics, Koya KOY45, F.R. IRAQ

3

Firat University, Faculty of Science, Department of Physics, 23169 Elazig / TURKEY

4

Firat University, Faculty of Science, Department of Chemistry, 23169 Elazig / TURKEY

Abstract

Article info

Vitamin C is an important human micronutrient. It has many vital biological functions in
human health. In this research paper, the molecule of vitamin C was optimized and energy
band gaps were determined using DFT and HF methods. In computational quantum theory,
Density Functional Theory (DFT) and Hartree-Fock (HF) currently play a significant role in
physical chemistry spatially. We chose a 6-311+G basis set on the DFT and HF methods to
assess our vitamin C molecule. The FT-IR spectra of vitamin C are reported in the current
research. The observed vibrational frequencies are assigned and the computational
calculations are performed and the corresponding results are displayed. The structure
analysis of the present molecule was investigated by NMR (13C NMR & 1H NMR) and UVVis spectra. To assess molecular behavior, Mulliken charge distribution, molecular
electrostatic potentials (MEP) and Molecular reactivity description were informed to define
the activity of the molecule. All calculations were performed using Gaussian 09 packages.

History:
Received: 01.07.2020
Accepted: 03.12.2020

1. Introduction
Vitamin C also called ascorbic acid, is a vital nutrient
within vegetables and fruits [1]. The ascorbic acid is an
organic compound that has two chiral carbons and four
stereoisomers as displayed in Figure 1. The chemical
structure formula of ascorbic acid is C6H8O6 [2].
Unlike animals human body could not synthesize
vitamin C, that’s why they must be supplied into their
diets [3].
Vitamin C is a vital micronutrient for humans [4]. It
can act as an antioxidant. When the oxidative stress is
raised, the effects of vitamin C could be most
prominent under conditions. The activation of
phagocytes performed from many infections that
release oxidizing agents (reactive oxygen species).
These species in the process of deactivation viruses and
the killing of bacteria have a vital role [4-6]. Previous
researches in animals and humans have shown that
vitamin C could protect from the stress affected by cold
and hot environments [7-10]. Vitamin C rates in
plasma are ten times lesser than in white blood cells, it
means the level of vitamin C is very higher in white
blood cells that may show the efficient roles of vitamin
C in the immune system cells.

Keywords:
Vitamin C,
DFT, HF,
Sepectroscopy,
Electrostatic potential.

Vitamin C has been revealed to affect the functions of
replication of viruses, production of interferon,
maturation of T-lymphocytes, phagocytes, etc. in the
research laboratory [11-15]. Production of such
hormones, metabolism of several amino acids,
neurotransmitters and vitamins need vitamin C.
Moreover, vitamin C helps the liver to clean toxic
substances in the system and the blood in fighting
infections [16-18]. Vitamin C reduces the damage
caused by exposure to UV radiation. This can’t act as
a sunscreen, since it is unable to absorb UV radiation.
But vitamin C's anti-oxidant activity helps prevent UV
damage from free radicals [19]. As well as, vitamin C
fights all types of viruses. Though the dosage should
be extremely high, a low intake amount of vitamin C
can save live. For those with low incomes and limited
care options this is very significant. For example, in
one well-controlled, randomized study, only 200
mg/day of vitamin C administered to the elderly
resulted in improved respiratory symptoms in the most
seriously ill, hospitalization. Also in the vitamin C
category, there were 80 percent fewer deaths [20].
Various analytical techniques are applied in different
matrices to assess vitamin C for instance, titrimetric
[21], fluorimetric [22], spectrophotometric [23], high-
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performance liquid chromatography [24], enzymatic
[25], kinetic [26, 27], Gaussian computational method
[28-35].

has been optimized using (DFT and HF)/6-311+G
methods. This basis set produced very accurate results
[36, 37]. To investigate all stable structures as
optimization energy band gaps, vibrational frequency,
Mulliken charge distribution, NMR analysis, UV-Vis
spectroscopy, and electrostatic potential map were
measured at the same theoretical point.

3. Result and Discussion
3.1 Energy band gaps
Figure 1: Structure of ascorbic acid.

In this paper, Gaussian program software 09 was
performed to determine the Energy Band Gaps, IR,
NMR, UV Spectra, Mulliken Charge Distribution, and
Molecular electrostatic potential (MEP) maps.

2. Computational Details
Gaussian 09 packages were used to carry out all the
calculations. The geometry of the vitamin C molecule

The first step of Gaussian program software is to find
the optimized molecular structure [38]. Table 1
demonstrated the energy band gaps in electron volt
(eV) at 3-21G, 6-31G, 6-31G+, 6-31G++, 6-311G, 6311G+, cc-pVDZ, LanL2DZ, SDD and DGDZVP with
both methods (DFT and HF). As can be seen in the
Table 1, the energy band gaps for vitamin C molecule
by (Hartree-Fock) HF method have higher values
compared with the value of density functional theory
(DFT) method. (DFT and HF)/6-311+G methods were
chosen for further analysis.

Table 1: The energy band gaps at different basis sets for HF and DFT methods.

3-21G

HF method
Energy gaps
(eV)
12.71815

DFT method
Energy gaps
(eV)
5.19578

6-31G

12.59869

5.20993

6-31G+

11.15022

5.21020

6-31G++

10.50721

5.20884

6-311G

12.60577

5.25374

6-311G+

11.13444

5.24558

cc-pVDZ

13.06592

5.51987

LanL2DZ

12.61502

5.19360

SDD

12.62019

5.20421

DGDZVP

13.12116

5.56232

Basis sets

3.2 Molecular construction
Figure 2. revealed the optimized molecular structure of
vitamin C with its molecular orientation by DFT and
HF on a 6-311+ G basis set. Vitamin C is a weak
organic acid that looks like a crystalline and white
compound. Structurally, it relates to the six-carbon
sugar glucose from which the majority of animals will

derive the molecule by a four-step mechanism.
Vitamin C is soluble in water, similar to glucose. As
can have observed from the mentioned figure, the
molecular orientations for DFT and HF method at 6311+ G basis set have the same orientation.
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HF method

DFT method

Figure 2: Geometrical structure of vitamin C at 6-311+G basis set.

3.2.1. IR assignments
The vibrational frequency was calculated for vitamin
C molecule at (DFT and HF)/6-311+G methods.
IR spectra
were
reported
DFT
and
HF methods respectively with clear vibrations in Table

2. The IR data for both methods are closed to one
another but the intensity of the peaks by the DFT
method is higher than by the HF method. Below we
analyze and list the key functional group in the vitamin
C molecule that has been vibrated

.
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Figure 3. FTIR analysis for Vitamin C by both DFT and HF
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Table 2: DFT and HF vibrational frequencies in cm-1 with the type of their vibrations
St.
NO

Vibrational
Assignments

Frequency(cm-1)
Observed

St.
NO

Vibrational Assignments

DFT 6-311+G

Frequency(cm1) Observed
HF 6-311+G

1
2
3
4
5

(C1-C5)Ro
(C5)Ro
(O8)Ro
(C6)Ro
(O9-C2)Sy,St

68.59
81.79
107.72
139.01
153.98

1
2
3
4
5

(C5-C6)Ro
(C5)Ro
(O8-C6)Ro
(C6)Ro
(C6-H19)Ro

118.11
147.57
159.60
213.03
227.02

6

(O9-O10)Sci

246.90

6

(C3-O10)Ro

299.62

7

(O8-H13)Ro

260.87

7

(C3-O10, C2-O9)Sci

308.09

8

(O8-H13)Ro
(O10-O11, O12O8)Sci
(C1-O7, C3C4)Sy,St

266.69

8

(C6-H8, C5-O12)Sci

347.99

298.76

9

(C5-O12, C2-O9)Sci

369.28

315.57

10

(C4=O11, C3-O10)Sci

395.59

11

(O10-H16)Sy,St

333.54

11

(C4-O110Ro

426.60

12

(All Oxygen)Ro

357.15

12

(C6-H19, C1-H17)Ro

474.66

13

(O12, O11)Ro

383.95

13

(C6-H19, C1-H17, C5H20)Ro

575.01

423.59

14

(C4=O11)Sy,St

592.99

494.33
519.81

15
16

(O10-H16)Ro
(O8-H13, O10-H16)Ro

672.69
688.40

554.51

17

(O8-H13)Ro

692.83

9
10

14
15
16
17

(H19, H14, H17,
H20)Ro
(O12-H14)Ro
(C2=C3)St
(C3-C4, C2O9)Sy,St

18

(C1-C2)Sy, St

613.30

18

(C4-O7-C1)Ro

700.12

19

(C3-C4, C2O9)Sy.St

658.76

19

(C4-O7-C1)Sy, St

728.27

20

(C4-O7-C1)Ro

665.97

20

(O7-C4-C3)Ro

784.83

21

(O9-H15)Ro

672.92

21

(O12-H14)Sy,St

819.42

22
23

(C3-C4)Ro
(C4-O7)Sy,St

697.12
773.93

22
23

(C4-C3-C2)Sy,St
(O9-H15)Ro

824.25
921.72

24

(C2-O2)Sy, St

873.32

24

(C6-H18, C5-H20)Sci

940.27

25

(C4-O7)Sy, St

930.56

25

(C4-O7)Sy,St

991.78

26

(C6-O8)Sy, St

987.52

26

(C4-O7)Sy,St

1036.82

27

(C1-O7)Sy.St

1001.55

27

(C1-O7)Sy,St

1073.28

28

(C3-C4, C1-C5)Sy,St

1038.55

28

(C3-O10)Sy,St

1126.56

29

(C5)Ro

1050.70

29

(C5-H20, C6-H18)Sci

1147.84

30

(C1-C5)Sy,St

1088.15

30

(C6-H19, C1-H17)Ro

1199.18
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31

(C1-C5, C3-C4)Sy,St

1109.42

31

(C3-C4)Sy,St

1212.93

1175.25

32

(O10-H16)Ro

1300.64

1204.83

33

1357.40

1240.55

34

(H19-C6-H18)Ro
(C6-H19, C5-H20, C1H17, O8-H13)Ro

1262.24

35

(C1-H17, O10-H16)Ro

1386.57

1272.52

36

1317.92
1340.85
1356.64

37
38
39

37
38
39

(O10-H16, C1H17)Ro
(H18-H13)Sci
(C6-H19, C5-H20,
C1-H17)Ro
(C1-H17, C5H20)Ro
(C1-H17,
C5,H20)Ro
(C1-C2)Sy, St
(C1-H17)Ro
(O9-H15)Ro

40

(C5-H20)Ro

1382.75

40

41
42

(C3-H16)Sci
(All hydrogen)Ro

1420.74
1424.69

41
42

43

(C5-C6)Sy,St

1454.92

43

32
33
34
35
36

(C1-H17, C5-H20, O12H14)Ro
(C1-H17, C5-H20)Ro
(C1-H17, O12-H14)Ro
(C5-H20)Ro
(O10-H16, O9-H15, C5H20)Ro
(O10-H16, O9-H15)Ro
(H19-C6, H18)Ro
(C5-H20, O12-H14)An,
St
(C6-H19, C6-H18)Sci

44

1377.98

1408.14
1451.75
1496.29
1504.73
1529.32
1563.62
1583.45
1612.72

(H19-C6-H18)Sci
1532.23
44
1667.35
(C3=C2,
45
1742.68
45
(C4=O11, C3=C2)Sy,St
1806.86
C4=O11)Sy,St
(C3=C2,
46
1787.18
46
(C3=C2, C4=O11)Sy,St
1853.94
C4=O11)Sy,St
47
(H19-C6-H18)Sy,St
3019.84
47
(H19-C6-H18)Sy,St
3078.59
(C1-H17, C548
3038.89
48
(C1-H17, C5-H20)Sy, St
3107.38
H20)Sy, St
(C1-H17, C5-H20,
(C1-H17, C5-H20, C649
3057.03
49
3124.00
C6-H18)Sy, St
H18)Sy, St
50 (C6-H19,H18)An, Sy
3092.03
50
(C6-H19,H18)An, Sy
3158.19
51
(O9-H15)Sy,St
3449.59
51
(O9-H15)Sy,St
3475.85
52
(O12-H14)Sy,St
3650.78
52
(O12-H14)Sy,St
3676.11
53
(O18-H16)Sy,St
3671.51
53
(O18-H16)Sy,St
3694.76
54
(O8-H13)Sy,St
3713.96
54
(O8-H13)Sy,St
3735.43
Abbreviation: sy: symmetrical, ant: anti-symmetrical, st: stretching, ro: rocking, sci: scissoring

3.2.2. C-C /C=C vibrations
The carbon-carbon vibration within the ring generally
occurs in the range of 1400-1600 cm-1[39, 40]. For
aromatic vibrations such as the benzene ring, two or
more vibrations occur in the benzene ring in the region
of 1420-1625 cm-1 and the strong vibration starts at
1500 cm-1. The vibration also appears at 1580 cm-1
when the ring is joined to other atoms. In vitamin C the
carbon-carbon single bond according to DFT methods
vibrated at 1327.92 and 1454.92 cm-1. As well as, the
peaks in the range 554.51 – 697.12 cm-1 represented to
C-C bond. For the HF method, the carbon-carbon
single bond appeared at 1212.93 cm-1, also the peaks in
the zone 824.25 cm-1 represent the vibration of the CC single bond. The benzene ring in vitamin C has been
conjugated to the more groups, this is why the strong
vibration for C=C observed at the range 1742.69 –
1787.18 cm-1 according to DFT. But by HF methods

gives a peak for C=C in a range of 1806.86 – 1853.94
cm-1.
3.2.3. C-H vibrations
The C-H bond is very helpful for identifying the
compounds [41]. Due to weak bonds between C-H,
typically C-H stretching vibration for aromatic
molecule detect in the range 3000-3100 cm-1. The C-H
bonding vibration that occurs in the range of 990-1390
cm-1 is in a plane and slows in strength [42, 43]. In the
plane above 1200 cm-1 the vibration of the carbonhydrogen interaction appears [44, 45]. The highest
vibration of carbon-hydrogen usually observes in the
700-1000 cm-1 range [46-48]. In this analysis, for both
DFT and HF methods, the peak of C-H vibration out of
the plan has been found at 1240.55 – 1272.52 cm-1 and
1147.84 – 1199.18 cm-1 respectively. Besides, the
symmetrical vibration of C-H from the plane was
observed at 3010.84 - 3092.03 cm-1 this is measured by
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DFT. Whereas the C-H symmetric vibration detected
at 3078.59 – 3158.19 cm-1 using the HF method. The
carbon-hydrogen bond in the benzene ring has been
vibrated in the range of 1340.85 – 1382.75 cm-1 for the
DFT method. While it was observed at 1357.40 –
1386.57 cm-1 for the HF method. The previous
literature fully agrees with these results.
3.2.4. O-H vibrations
The O-H vibration was detected above 3500 cm-1,
depending on the region of the OH groups, according
to most literature reviews [49-51]. Four hydroxyl
groups surround the vitamin C molecule. The OH
symmetric vibrated at 3449.59, 3650.78, 3671.51, and
3713.96 cm-1 for each O9-H15, O11-H14, O18-H16,
and O8-H13 respectively, according to the DFT
analysis method, But the peaks were observed at
3475.85, 3676.11, 3694.76, and 3735.43 cm-1 for each
O9-H15, O11-H14, O18-H16 and O8-H13 by HF
analysis method respectively.
3.3. NMR analysis
Researchers use NMR most frequently to investigate
the properties of organic molecules, although it applies
to any type of sample containing spin nuclei [52-54].

In this study, TMS reference was selected for
calculating carbon-NMR and hydrogen-NMR analysis.
While for oxygen-NMR the reference is different, H2O
reference has been selected to determine chemical
shifts. Chemical shifts of the composite are described
in ppm for NMR spectra, as shown in Table 3. The
results were quite close to each other for DFT and HF
method except for O8 there is a difference in the two
values by the two methods. Vitamin C has six carbon
atoms, 13C NMR chemical shifts were ordered
according to both methods from greater chemical shifts
to smaller chemical shifts in ppm unit
C4>C2>C3>C5>C1>C6. Eight hydrogens have been
combined to construct a vitamin C molecule. As well
1
as, the chemical
shifts for
H
NMR
were
arranged from higher ppm to lower ppm
H15>H17>H18>H20>H16>H14> H19>H13. The
present molecule has six oxygen. As indicated from the
table, the chemical shifts by 17O NMR have appeared
at 462.6219, 238.0814, 121.644, 82.4786, 38.3468,
and 23.9639 ppm for O11, O7, O9, O10, O12, and O8
respectively at the DFT method. Whereas at HF
method have been recorded on 504.8254, 186.97,
78.8812, 45.9034, 11.0545, and -0.699 ppm for O11,
O7, O9, O10, O12, and O8 correspondingly.

Table 3: NMR chemical shifts in ppm for vitamin C molecule
Atoms and numbers
4-C
2-C
3-C
5-C
1-C
6-C
15-H
17-H
18-H
20-H
16-H
14-H
19-H
13-H
11-O
7-O
9-O
10-O
12-O
8-O

DFT on TMS as references
170.4195
156.8076
124.028
75.9133
71.7333
64.1623

HF on TMS as references
167.8757
146.4632
111.8444
53.6446
51.2755
44.2108

DFT on TMS as references
6.7316
3.6816
3.4855
3.4047
3.2752
2.9898
2.9514
0.1372
DFT on H2O as reference
462.6219
238.0814
121.644
82.4786
38.3468
23.9639

HF on TMS as references
6.6476
3.1913
3.1658
2.8541
2.8189
2.7745
2.3651
0.0447
HF on H2O as reference
504.8254
186.97
78.8812
45.9034
11.0545
-0.699
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248.8

UV-Vis spectroscopy is an extremely basic method for
chemical composition analysis and complex formation
[55]. The time-dependent (TD) for DFT and HF has
been used to access UV-Vis spectra to the vitamin C
molecule on the basis set 6-311+G. Electron transitions
from HOMO to LOMO link to visible absorption

maxima. The maximum value of the intensity can refer
to these electron transitions at λ max [56]. The λ max
value for vitamin C was found at 248.8 nm by the DFT
method while it was 198.48 nm by HF method Figure
. As can see from the figure, the λ max for both
methods quite close to each other but the intensity of λ
max in the HF method is higher than in the DFT
method.
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Figure 4: UV-visible spectrum for vitamin C

3.5. Mulliken charge
The distribution of the charge on the molecule affects
the vibrational spectra significantly [57]. The
molecular structure of vitamin C is composed of
twenty atoms: six-carbon, six oxygen, and eight
hydrogen atoms. Mulliken net charges measured at the
level of HF and DFT with an atomic basis set 6311+G(d, p) in the gas phase using Gaussian 09 Table
4. The representation of the plotted atomic charges
could be seen in Figure . The table indicated that the
HF methods have higher values at the same charges

compared to HF methods. As well as, all hydrogen
atoms have a positive net charge whereas oxygen
atoms have a negative net charge. These atomic charge
distribution values on the oxygen of the molecule of
vitamin C indicate that the structural part has possible
sites for interacting with weak electronic molecules.
Vitamin C has six oxygen atoms, that is why it is more
reactive with lower electronic molecules. However,
carbon atoms have both positive and negative charge
distribution. From the plot we can see that C3 is
negative by the B3LYP method at the same time it is
positive by the HF method.
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Table 4: Atomic charges distribution for vitamin C molecule in charge\unit.
No.

Atoms

DFT

HF

1
2

C
C

-0.287833
0.322573

-0.361061
0.458936

3

C

-0.08177

0.054519

4
5

C
C

0.314243
0.088844

0.489259
0.222558

6
7

C
O

-0.501136
-0.183886

-0.526243
-0.321436

8
9
10
11
12
13

O
O
O
O
O
H

-0.487253
-0.486624
-0.483135
-0.36034
-0.481535
0.364765

-0.564999
-0.600861
-0.623408
-0.46465
-0.557593
0.389074
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Figure 5: The Mulliken atomic charge plot of vitamin C molecule

3.6. Molecular electrostatic potential (MEP) maps
To Predict reactive electrophilic and nucleophilic
attack sites the MEP was determined at the B3LYP and
HF/6- 311+G(d, p) for vitamin C molecule. Different
colors reflect different values of the electrostatic

potential at the surface. The potential increases from
red to blue (red < orange < yellow < green < blue).
These maps' color code is in the range of -0.07470 a.u.
(Extreme red) to 0.07470 a.u. (Deepest blue) using the
DFT method. Whereas at the HF method the color cod
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of the map is in the range of -0.07998 a.u. (Extreme
red) to 0.07998 a.u. (Deepest blue). The MEP for the
two mentioned methods is quite similar to each other
on the same basis set. MEP's positive (white) regions
are correlated to electrophilic reactivity and the
negative (red) domains are relevant to nucleophilic
reactivity as indicated in
Figure . As shown in the MEP map of the present
molecule, the negative regions are based primarily on
the oxygen atoms, O11, O7, and O10 atoms. The

hydroxyl hydrogen atom locates a maximum positive
area showing a potential site for nucleophilic attack.
Maximum positive area for H13 located on the H atom
bond (belonging to OH group). The MEP map
indicates that the negative potential sites are around the
electronegative atoms, and also the positive potential
sites are across the hydrogen atom. From this article, it
can be inferred that the H atoms show the strongest
attraction and that the O atom shows the strongest
repulsion.

HF Method

DFT Method

Figure 6: Molecular electrostatic potential (MEP) map for vitamin C molecule

3.7. Molecular reactivity description
Multiple parameters were observed based on the
energy level of HOMO and LUMO. The ionization
potential (I=-EHOMO) is defined as the least amount of
energy available to remove an electron from the atom
or molecule in the gaseous state. The amount of the
discharging energy when one electron added to the
gaseous molecule is known as electronic affinity (A=ELUMO). The preference of an atom for attracting
electrons is called as electronegativity χ= (IP + EA)/2.
In a molecule, weight transfer prevention is denoted by
chemical hardness η = (IP-EA)/2. Other reactivity
descriptors, such as chemical potential μ= -χ, softness
s= 1/2η and global electrophilicity index = μ2/2 η, are
determined using HOMO and LUMO values [58-60].

Table 5 lists the electronic structure parameter values
that were calculated based on the B3LYP/6-311G(dp)
technique. The acquisition of extra electronics is
concerned with electrophilicity, charging through an
electrophile as well as with the opposition put up by
the electronic charge exchange device with the
environment. An appropriate global descriptor of
chemical reactivity is known to be it is not only
informative about the transfer of electrons (chemical
potential), but also about stability (hardness). The
chemical activity of the compound is usually indicated
by the HOMO and LUMO energy values and the
energy difference between them. A small energy
difference between HOMO and LUMO denotes a
robust interaction and fast response, while a weak
interaction and slow response are denoted by a large
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energy difference between HOMO and LUMO [61].
The lower energy gap molecules demonstrate high
reactivity and are more polarizable [62, 63]. The
arrangement and energy levels of the orbitals,
including HOMO and LUMO, determined by the

B3LYP/6-311G (dp) level for the current compound,
are shown in Figure 7. The results show the higher
energy level between HOMO and LUMO equal to
0.19307 eV. All parameters which are indicated the
reactivity of the vitamin C are show in Table 5.

Figure 7: HOMO-LUMO energy bandgap for vitamin C.

Table 5: Electronic parameters for vitamin C.
In a Basis Set B3LYP/6-311G(dp)
E LOMO (eV)
E HOMO (eV)
Δ E = E HOMO - E LOMO (eV)
I (eV)
A (eV)
X (eV)
η (eV)
S (eV)
ω (eV)

Equations
E LOMO (eV)
E HOMO (eV)
HOMO - LOMO
I= - EHOMO
A= - ELUMO
X= I+A/2
η = I-A/2
S = 1/2n
ω = µ2/2η

4. Conclusions
Both methods (HF and DFT) were investigated in this
article to measure vitamin C molecular bandgap
energies. 6-311+G basis set has been chosen for the
reason it gives precise results. IR shows atomic
motions. The illustration of the results culminated in a
clear agreement with previous literature. NMR was
used to identify the structure of the molecules. In this
study, the technique changes (DFT and HF) had very
limited effects on the peaks of the atoms. For both
methods, all-atom peaks have slowly risen and the
number one carbon has a maximum change in a ppm.
Additionally, the peaks for both methods (DFT & HF)
regularly increase or decrease in 1H NMR. However,
the peaks of 13C NMR and 17O NMR have different
values using different methods. From the
determination of UV-visible spectroscopy, the
maximum peaks for vitamin C were detected at 248.8
nm by the DFT method but it was 198.48 nm by the HF
method. The Mulliken charge distribution was

DFT
-0.04535
-0.23842
0.19307
0.23842
0.04535
0.14188
0.04826
10.35893
0.20855

examined to look at the higher areas of electron density
as possible interaction sites, such as oxygen. The
electrostatic potential of vitamin C displays that
negative regions are associated with O atoms and
positive regions are localized on the hydroxyl
hydrogen atom. The HOMO-LUMO energy difference
for the title compound is 0.19307 eV. The reactivity of
the vitamin C was shown with some parameters.
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Abstract
In the present work, Gallium Oxide (Ga2O3) were deposited as thin films by radio frequency
(RF) magnetron sputtering at 300 °C substrate temperature on glass substrate using Ga 2O3
target with 99.99% purity. The crystalline structure, morphology, optical properties of the
Gallium Oxide films were determined using X-ray diffraction (XRD), scanning electron
microscopy (SEM) and UV–Visible Spectrometry, respectively. Experimental results show
that annealing has an important role in the changes observed in the characterization of the
Gallium Oxide thin films. All thin films produced were amorphous, except for the annealed
P4-500. SEM pictures reveal the morphology of prepared Gallium Oxide thin films. The
refractive index and real part of complex dielectric constant increased as the film deposition
pressure increased.
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Introduction

Gallium has many important compounds such as
GaAs, GaN, InGaN. Since these compounds are
semiconductor, they are used in many fields due to
their electronic and optical properties. While GaAs are
used in microwave circuits, ultraviolet applications,
GaN and InGaN can be used in light emitting diodes.
Another important compound of gallium is Gallium
Oxide (Ga2O3). Gallium Oxide (Ga2O3) has five
different crystal structures: α, β, γ, δ and ε. Stable
obtainable phases are α and β phases. The β phase is
the most chemically and thermally stable phase in all
structures [1-3]. The β phase, which is a monoclinic
structure [4], has attracted the attention of researchers
due to its application areas arising due to its high
features.
β -Ga2O3 shows an insulating property due to the wide
band gap of 4.7-4.9 eV in atmospheric conditions,
while it shows semiconductor properties over 500 °C
(773 K) [5]. It can also be used to detect reducing gases
at temperatures above 500 °C, and to detect oxygen gas
at temperatures above 900 °C. It is used in UV

detectors because of its wide band gap range (4.7-4.9
eV), as it shows photoconductivity against deep UV [68]. Besides these; it has areas of use such as the original
memory feature provided by the rotational magnetism
of the transmitting electrons that function in the range
of 4K to room temperature, as transmission conductive
oxide in optoelectronic devices in coatings that do not
reflect on GaAs [1, 2, 9].
The most commonly used methods are magnetron
sputtering method [10, 11, 12], spray pyrolysis [5, 6,
13], sol-gel method [10], electron beam evaporation
method [9,14,15] to produce Ga2O3 thin films.
Especially in gas sensor applications, RF magnetron
sputtering method is used. In this study, Gallium Oxide
thin films were produced by RF magnetron sputtering
method and structural and optical characterization was
done.
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2. Experimental Details
2.1. Sample preparation
Ga2O3 thin films were deposited by RF magnetron
sputtering on glass substrates using a Ga2O3 target
(99.99% Pure, 2.00″ diameter × 0.125″ thick;
Plasmaterials Inc.). The RF-sputtering parameters of
Ga2O3 thin films were listed in Table 1. Glass
substrates were firstly cleaned with acetone, isopropyl
alcohol, and deionized water and then dried with air.
Substrates were heated at 300 °C and distance between
the target and substrate was adjusted to 7 cm. After
placing each substrate in the chamber, the system was
evacuated to a vacuum of the order of 10-7 Torr using
a turbo molecular pump. The Ga2O3 thin films
produced were annealed at 500 C. The magnetron
sputtering of Ga2O3 thin films were deposited on glass
substrates at the same condition but different
deposition pressure and were labeled as P1 (7.50
mTorr), P2 (9.20 mTorr), P3 (10.40 mTorr), P4 (12.20
mTorr). The films Gallium Oxide annealed at 500 °C
were named as P1-500 (7.50 mTorr), P2-500 (9.20
mTorr), P3-500 (10.40 mTorr), P4-500 (12.20 mTorr).
Table 1. The experimental deposition parameters of thin
film coatings due to deposition pressure

P1
P2
P3
P4

Growth
Pressure
(mTorr)
7.50
9.20
10.40
12.20

Ar
(sccm)

Rotation
(1 Rot)

Deposition
Rate (Å/s)

15
45
75
105

20 s
20 s
20 s
20 s

0.7-0.8
0.8-0.9
0.8
0.8-0.9

In this study, the direct influence of deposition pressure
on the structural and optical properties of Gallium
Oxide thin films are investigated. In order to
investigate the crystalline properties, films were
examined by X-ray diffraction (XRD) measurements.
For XRD studies, a Rigaku Miniflex II Desktop X-ray
Diffractometer system was used with Cu Kα radiation
(= 1.54059 Å). Scanning electron microscopy (SEM)
analysis was performed using TESCAN® MIRA3
XMU (Brno, Czechia) at an accelerating voltage of 10
kV. Optical characterization of the samples was carried
out
using
a
double-beam
UV–Vis–NIR
spectrophotometer (Cary 5000). Optical transmission
spectra of the center point of samples were taken in the
wavelength of 200–800 nm using solid sample holder
accessory

3. Results and Discussion
3.1. X-ray diffraction (XRD)
The X-ray diffraction measurements of Ga2O3 thin
films produced on glass substrates were measured with
Rigaku Miniflex II Desktop X-ray Diffractometer
system. The X-ray diffraction of the films produced at
different growth pressures are shown in Fig. 1.
Diffraction patterns were obtained in the range of 2θ =
20-80°.

2.2. Measurements

Figure 1. XRD spectra for as-deposited and annealed Ga2O3 films deposited different deposition pressure
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In Fig. 1, there is no signature peak observed at asdeposited thin films. The hump structure of amorphous
silicate glass was observable without any peaks.
Besides, there were no significant peaks of sputtered
and grown materials. This indicates that the
Ga2O3 films grown at a substrate temperature of
300 °C were amorphous. After annealing at 500 C,
while P1-500, P2-500, P3-500 are amorphous, the
diffraction peaks are seen in P4-500. Annealing can
reduce film internal stress, which can improve film
crystallinity. Crystallinity of sample P4-500 annealed
at 500 °C is better among films illustrated in Fig. 1.

The peaks observed at diffraction angles of 44.2 and
64.2. The peaks observed at diffraction angles of 2θ
=44.2 and 2θ= 64.2 correspond to the (-211) and
((402)) [JCPDS-11-0370] planes of Ga2O3,
respectively.
3.2. Scanning electron microscopy (SEM)
As illustrated in Fig. 2, the increased pressure from P1
to P4 both for as-deposited and annealed conditions,
the nuclei of Ga2O3 coated on glass substrates is
observable.
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(a)

(b)

(c)

(d)

(e)

(f)

(g)

(h)

Figure 2. SEM patterns of Ga2O3 thin films as-deposited and annealed for 1 h at 500 C by RF magnetron sputtering at
various sputtering pressures on glass substrate a) as-deposited P1, b) annealed P1, c) as-deposited P2, d) annealed
P2, e) as-deposited P3, f) annealed P3, g) as-deposited P4, h) annealed P4.
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The growth and nucleation of seeds were developed up
to about 100 and 125 nm for P3 and P4, respectively.
The first row of Fig. 2(a) shows the deposited layer of
Ga2O3 on glass under the lowest pressure that produced
a porous layer of unannealed condition without any
nucleation. The nucleation and growth of Ga2O3 by
annealing Fig. 2(b), the pores get together to leave a
bigger porous structure of about 100-150 nm due to the
coarsening phenomenon while the grains get bigger as
well while the pores behave as triangle-like pores
among the growth grains. P2 (Fig. 2(c-d)) shows the
best developed and well-distributed structure of similar
grains both for as-deposited and annealed conditions.
P3 in as-deposited condition (Fig. 2(e)), the well
distributed grains are observable. After annealing (Fig.
2(f)), the grains were agglomerated in certain regions
along the perpendicular direction which is the coating
direction from upper left to lower right direction seen
as droplets. Increasing pressure deteriorates the coating
and coarsening of grains was random in some regions,
the grain agglomerate size increased up to 140-160 nm,
so that the properties may be destroyed by increased
roughness which can refract the light. P4 with the
highest pressured coating, in as-deposited condition

(a)

(Fig. 2(g)), some regions are seen as non-interacted
layers of Ga2O3. This is seen as humped and cracked
regions of coating, after annealing (Fig. 2(h)), the
grains were coarsened up to 160-220 nm and some
cracked regions are evident which may end up with
agglomeration and humps. As a result, we can say that
the highest pressure has the highest energy for
adhesion to the surface.
3.3. Optical properties
The transmittance (T%) of the films obtained at
different deposition pressures were measured at room
temperature with Cary 5000 UV-VIS-NIR
spectrophotometer with wavelength in the range of
175–3300 nm. In order to ensure that are independent
of the underfloor absorption of the optical
transmittance values of the films during these
measurements, the ground correction was made firstly
measuring the glass-to-glass transmittance. The graph
of wavelength against transmittance of Ga2O3 thin
films obtained at different deposition pressures is given
in Fig. 3.

(b)

(c)

Figure 3. Transmittance spectra for a) as-deposited Ga2O3 films deposited different deposition pressure, b) annealing Ga 2O3
films deposited different deposition pressure, c) as-deposited and annealing P1 and P4 Ga2O3 films

Fig. 3(a) shows that when pressure increases from 7.50
mTorr to 12.20 mTorr, transmittance decreases. In this
case, it is possible to say that the amount of Ga
increases as the pressure increases. When Ga2O3 films
were annealed at 500 C, it was observed that the
transmittance increased in four samples. Specifically,
the P4 sample with 12.20 mTorr showed an extremely
significant increase after annealing. In other words,
while it had 72% transmittance before annealing, it
increased to about 88% after annealing (Fig. 3(c)).
Using the transmittance graphs in Fig. 3, the
thicknesses of the Ga2O3 films were calculated.

Interference fringes of transmittance were used to find
of thickness. Using the wavelengths and refractive
index values between two adjacent maxima or minima,
thickness values are calculated with the help of the
following equation.
𝑑 = {2 [

𝑛(𝜆1 )
𝜆1

−

𝑛(𝜆2 ) −1
]}
𝜆2

(1)

In this study, the refractive index was taken as n = 1.91
[16]
The thicknesses calculated from the transmittance
curves can be seen in Table 2. Both before and after
annealing, it was observed that the thicknesses
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increased as the pressure increased. We can think that
it is the result of the increase of Ga amount which in
turn may increase the O amount to produce stable
Ga2O3 as indicated in XRD results as pressure
increases.

Such materials have localized states that lie in the band
gap. In the exponent edge where the absorption
coefficient lies in the absorption region of 1<α<104 cm1
, the absorption coefficient is governed by the relation
[19],

Table 2. Thickness for as-deposited and annealing Ga2O3
films deposited different deposition pressure

𝛼 = 𝐴𝐸0

Thickness (nm)
As-deposited
Annealing

P1
408.5
408.5

P2
548.7
548.7

P3
579.67
553.8

P4
608.9
577.3

Absorption coefficients values of Ga2O3 thin films
grown at different pressures were calculated using the
following equation [17].
1

𝛼 = 𝑑 𝐿𝑛(1/𝑇)

(2)

Here T shows the value of the light passing
(transmission) and d shows the thickness of the film.
According to Tauc et al. [18], it is possible to separate
different regions in the absorption edge spectrum. An
exponential part called Urbach's tail near the edge of
the optical band appears in poor crystalline, the
disordered and amorphous materials, low-crystalline.

3/2

ℎ𝜈

exp ( 𝐸 ) 𝑓𝑜𝑟 ℎ𝜈 < 𝐸𝑔
0

(3)

Where E0 is an empirical parameter describing the
width of the localized states in the band gap due to
above mention effects. As in a material increases
disordered, we can say that its Urbach energy will
increase. The value of Urbach tail energy (E0) is
calculated from the slope of this the linear plot. Urbach
Energy values were found by using Fig. 4. These
values are shown in Table 3. As can be seen from the
calculated Urbach energies, Urbach energies of thin
films depend on the effect of annealing decreases.
Because of the thin film annealing particle size
increases and their disordere decreases. Therefore, the
value of Urbach energies has decreased. We can say
that there is an improvement in the quality of the Ga2O3
films by annealing. This is particularly evident in P4
and P4-500 films.

Figure 4. Photon energy-dependent variation of lnα in Ga2O3 thin films produced at different pressures.
Table 3. Urbach tail energy (band tail energy) E0 parameter
for as-deposited and annealing Ga2O3 films
deposited different deposition pressure
Urbach tail E0
parameter (meV)
As-deposited
Annealing

P1

P2

P3

P4

544.3
541.9

647.1
584.5

581.5
500.8

704.0
477.5

𝑛 = [𝑁 + (𝑁 2 − 𝑛𝑠2 )1/2 ]1/2
(4)
𝑁=

In this study, the refractive index was determined using
the Swanepoel method [20, 21]. In order to use this
method, interference effects in the transmittance curve
are used. Using the transmittance curve, the top and
bottom envelopes were drawn. The refractive indices
of the films were found from the formula below.

(𝑛𝑠2 +1)
+
2

2𝑛𝑠

(𝑇𝑚𝑎𝑥 −𝑇𝑚𝑖𝑛 )
𝑇𝑚𝑎𝑥 𝑇𝑚𝑖𝑛

(5)

The representation of the envelope for the simulated
P2-500 transmittance curve, passing through the
maximum of the spectrum (Tmax) and the minimum of
the spectrum (Tmin), is shown in Fig. 5(a).
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(b)

(a)

Figure 5. a) Swanepoel method for P2-500 film and b) At various sputtering pressures refractive index vs. wavelength plots
for as-deposited and annealed films

For all non-annealed and annealed Ga2O3 films, the
procedure performed in Fig. 5(a) was performed and
refractive indices were found using the equations
nearby. As seen in Fig. 5(b), the refractive index values
of Ga2O3 films were determined to decrease with
decreasing pressure in the visible region. The decrease
in refractive index with decreasing pressure is thought
to be caused by the decrease in the packing density.
The basic excitation spectrum of the films can be
defined by expressing the frequency dependence of the
complex dielectric constant. The real and imaginary
part of the dielectric constant depends on n and k
values. The real and imaginary part of the dielectric

constant is determined by the following equations
[22,23]:
𝜀1 = 𝑛2 − 𝑘 2

(6)

𝜀2 = 2𝑛𝑘

(7)

Here 𝜀1 denotes the real part, 𝜀2 denotes the imaginary
part. The extinction coefficient (k), depending on
absorption coefficient (𝛼)
𝑘=

𝛼λ
4𝜋

(8)

determined by its relation.

(a)

(b)

Figure 6. At various sputtering pressures the real part of the dielectric constant vs. energy plots for a) as-deposited and b)
annealed films
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Fig. 6 shows the change of real dielectric constants of
Ga2O3 thin films produced on glass at different
sputtering pressures. The real dielectric constants of
the as-deposited and annealed thin films increase as the
pressure increases. These results are compatible with
the literature [24].
4. Conclusions
Ga2O3 thin films were obtained at different deposition
pressures by RF magnetron sputtering method on glass
substrate. The films deposited were annealed at 500C
in the air. The effects of structural and optical
properties of these films on pressure were examined.
Crystallinity of sample P4-500 annealed at 500 °C is
better among films. When Ga2O3 films were annealed
at 500C, it was observed that the transmittance
increased in all samples and thicknesses increased as
the pressure increased. The refractive index values of
Ga2O3 films were determined to decrease with
decreasing pressure in the visible region. The real
dielectric constants of the as-deposited and annealed
thin films increase as the pressure increases. In this
study, the surface structures of all samples were
investigated by scanning electron microscopy.
Differences in particle structure were observed with
increasing pressure.
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In this study, a new approach to transmutation theory is developed by using negative
dependency basement. Once choosing a distribution that has negative dependency with the
same marginal, a new bivariate distribution is derived. In this study, we examined a new
transmutation technique in which a negative dependency offers a big success in modeling
rather than most known and used statistical distributions. This approach clash with classical
transmutation methods. In this study at the beginning, the classical transmutation is defined.
Later, we introduce the new technique and obtain lower and upper bounds of distribution to
show that this approach gives us a distribution. Gaining new bivariate continuous distributions
with this technique may be more appropriate in theory, and modeling of some data sets in
terms of this approach may be more efficient.
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Introduction

In both theory and practice in statistics, univariate distributions are generally inadequate to model
random phenomena. Besides, bivariate statistical distributions are crucial in modeling in many different
data sets. For generating new distribution, there needs to construct a joint distribution by using marginal
distributions with higher or lower correlations. Dolati and Ubeda-Flores [1] studied a method by
considering pairs of order statistics. Lai and Xie [2] examined continuous bivariate distributions which
possess the Positive Quadrant Dependency. According to similar works [3], [4] some conditions for
negative dependency decided.
Though many different methods in generating new distribution, studies on transmuted distributions have
become popular. Although Shaw and Buckley [5] offered transmutation as alternative technique for
copulas in generating new distribution, today transmutation becomes the first approach in generating
distribution.
There are also studies for some other methods for generating distribution. In a study, Shaw and Buckley
[5] joined an inverse of a statistical distribution with another distribution. In that study authors offered
for generating new distributions by a new formulation. Quadratic rank order transmutation is studied for
alternating to copulas.
After these studies, some basic distributions were used in generating distributions [6,7]. Later
transmutation with many distributions was studied [8-10]. To derive transmuted distributions the
transformation below is used.
𝐹𝑄𝑅𝑇 = (1 + 𝜆)𝐺 − 𝜆𝐺 2 , |𝜆| ≤ 1

*Corresponding author. e-mail address: hunozkan@gmail.com
http://dergipark.gov.tr/csj ©2020 Faculty of Science, Sivas Cumhuriyet University
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In that studies by using the Eq. (1), the new distributions were obtained and probability density
functions, moments, parameter estimations and hazard rates were examined [11-15].
Different from these studies in [16], by using a conditional Farlie-Gumbel-Morgenstern copula with
exponential marginals is studied. In this study, a new method for transmutation is introduced. Inspired
by these studies, we desire to propose a simpler but useful model.
Theorem1. Assume 𝐻(𝑥, 𝑦) is a bivariate distribution function belonging to the distribution family
ℱ(𝐹, 𝐺), 𝐹(𝑥) and 𝐺(𝑦) are marginal distributions, and 𝐻(𝑥, 𝑦) is differentiable on ℝ2 , and ℎ(𝑥, 𝑦) =
𝜕2 𝐻(𝑥,𝑦)
̅ (𝑥, 𝑦)) is a
denotes the joint probability density function. Then 𝐻1∗ (𝑥, 𝑦) = 𝐻(𝑥, 𝑦)(1 + 𝐻
𝜕𝑥𝜕𝑦

̅ (𝑥, 𝑦) is survival function of this
distribution function if 𝐻(𝑥, 𝑦) ≤ 𝐹(𝑥)𝐺(𝑦), for all (𝑥, 𝑦) ∈ ℝ2 , 𝐻
bivariate distribution.
Proof. According to Barlow and Proschan [17], any bivariate distribution function holds the following
properties (see, Chapter 5):
(P1)
̅ (𝑥, 𝑦)) = 𝐺(𝑦),
lim 𝐻(𝑥, 𝑦)(1 + 𝐻

𝑥→∞

̅ (𝑥, 𝑦)) = 𝐹(𝑥),
lim 𝐻(𝑥, 𝑦)(1 + 𝐻

𝑦→∞

̅ (𝑥, 𝑦)) = 1.
lim 𝐻(𝑥, 𝑦)(1 + 𝐻

𝑥∧𝑦→∞

(P2)

𝜕𝐻1∗ (𝑥,𝑦)
𝜕𝑥

≥ 0 and

𝜕𝐻1∗ (𝑥,𝑦)
𝜕𝑦

≥ 0. Then

̅ (𝑥, 𝑦)
𝜕𝐻1∗ (𝑥, 𝑦) 𝜕𝐻(𝑥, 𝑦)
𝜕𝐻
̅ (𝑥, 𝑦)) + 𝐻(𝑥, 𝑦)
=
(1 + 𝐻
𝜕𝑥
𝜕𝑥
𝜕𝑥
𝜕𝐻(𝑥, 𝑦)
𝜕𝐻(𝑥, 𝑦)
̅ (𝑥, 𝑦)) + 𝐻(𝑥, 𝑦) (−ℎ(𝑥) +
(1 + 𝐻
)
𝜕𝑥
𝜕𝑥
𝜕𝐻(𝑥, 𝑦)
̅ (𝑥, 𝑦) + 𝐻(𝑥, 𝑦)) − ℎ(𝑥)𝐻(𝑥, 𝑦)
=
(1 + 𝐻
𝜕𝑥
𝜕𝐻(𝑥,𝑦)
Now, by noting that negative dependence implies 𝜕𝑥 𝐻(𝑥) ≥ ℎ(𝑥)𝐻(𝑥, 𝑦). Using this inequality,
=

we have
𝜕𝐻1∗ (𝑥, 𝑦)
𝜕𝐻(𝑥, 𝑦)
̅ (𝑥, 𝑦) + 𝐻(𝑥, 𝑦))
≥
(1 − 𝐻(𝑥) + 𝐻
𝜕𝑥
𝜕𝑥
≥ 0.
Obviously,
(P3)

𝜕𝐻1∗ (𝑥,𝑦)
𝜕𝑦

𝜕2 𝐻1∗ (𝑥,𝑦)
𝜕𝑥𝜕𝑦

≥ 0.

≥ 0. Then

̅ (𝑥, 𝑦) 𝜕𝐻(𝑥, 𝑦) 𝜕𝐻
̅ (𝑥, 𝑦)
𝜕 2 𝐻1∗ (𝑥, 𝑦)
𝜕𝐻(𝑥, 𝑦) 𝜕𝐻
̅ (𝑥, 𝑦)) +
(2)
= ℎ(𝑥, 𝑦)(1 + 𝐻(𝑥, 𝑦) + 𝐻
+
.
𝜕𝑥𝜕𝑦
𝜕𝑥
𝜕𝑦
𝜕𝑦
𝜕𝑥
According to Domma (2011) [18], and Kimeldorf and Sampson (1989) [3], by noting that negative
dependence implies 𝑃𝐻 (𝐼1 , 𝐽1 )𝑃𝐻 (𝐼2 , 𝐽2 ) ≤ 𝑃𝐻 (𝐼2 , 𝐽1 )𝑃𝐻 (𝐼1 , 𝐽2 ) for all 𝐼1 < 𝐼2 and 𝐽1 < 𝐽2. Under the
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specially chosen numbers, 𝜖 > 0 and 𝛿 > 0, 𝐼1 = (𝑥, 𝑥 + 𝜖], 𝐼2 = (𝑥 + 𝜖, ∞) and for 𝐽1 = (−∞, 𝑦],
𝐽2 = (𝑦, 𝑦 + 𝛿], we have
𝑃𝐻 (𝑋 ∈ (𝑥, 𝑥 + 𝜖], 𝑌 ∈ (−∞, 𝑦])𝑃𝐻 (𝑋 ∈ (𝑥 + 𝜖, ∞), 𝑌 ∈ (𝑦, 𝑦 + 𝛿])
≤ 𝑃𝐻 (𝑋 ∈ (𝑥 + 𝜖, ∞), 𝑌 ∈ (−∞, 𝑦])𝑃𝐻 (𝑋 ∈ (𝑥, 𝑥 + 𝜖], 𝑌 ∈ (𝑦, 𝑦 + 𝛿]).
When both sides divided with ϵδ and taking double limiting both sides while 𝜖→0 and δ→0 the
inequality turns below:
̅ (𝑥, 𝑦)
𝜕𝐻(𝑥, 𝑦) −𝜕𝐻
(3)
(
) ≤ 𝑃𝐻 (𝑋 > 𝑥, 𝑌 ≤ 𝑦)ℎ(𝑥, 𝑦).
𝜕𝑥
𝜕𝑦
Easily seen that if we specially choose of 𝐼1 = (−∞, 𝑥], 𝐼2 = (𝑥, 𝑥 + 𝜖] and 𝐽1 = (𝑦, 𝑦 + 𝜖], 𝐽2 = (𝑦 +
𝜖, ∞), the inequality which is below is also valid.
̅ (𝑥, 𝑦)
𝜕𝐻(𝑥, 𝑦) −𝜕𝐻
(
) ≤ 𝑃𝐻 (𝑋 ≤ 𝑥, 𝑌 > 𝑦)ℎ(𝑥, 𝑦)
𝜕𝑦
𝜕𝑥

(4)

̅ (𝑥, 𝑦) = 1, the inequality
On the other hand, since 𝑃(𝑋 > 𝑥, 𝑌 ≤ 𝑦) + 𝑃(𝑋 ≤ 𝑥, 𝑌 > 𝑦) + 𝐻(𝑥, 𝑦) + 𝐻
is obtained as 𝑃(𝑋 > 𝑥, 𝑌 ≤ 𝑦) + 𝑃(𝑋 ≤ 𝑥, 𝑌 > 𝑦) ≤ 1. By using this latter inequality and combining
with the Eq. (3) and (4), we have
̅ (𝑥, 𝑦)
̅ (𝑥, 𝑦)
𝜕𝐻(𝑥, 𝑦) −𝜕𝐻
𝜕𝐻(𝑥, 𝑦) −𝜕𝐻
(
)+
(
) ≤ ℎ(𝑥, 𝑦).
𝜕𝑥
𝜕𝑦
𝜕𝑦
𝜕𝑥

(5)

By considering the Eq. (5), the lower bound is as follows:
𝜕 2 𝐻1∗ (𝑥, 𝑦)
̅ (𝑥, 𝑦))
≥ ℎ(𝑥, 𝑦)(𝐻(𝑥, 𝑦) + 𝐻
𝜕𝑥𝜕𝑦
≥ 0.
The proof is completed.
Inspired by Dolati and Úbeda-Flores [1], an alternative distribution where we can write the convex
̅ (𝑥, 𝑦)). In this way, two different distributions belonging
combination with 𝐻1∗ is 𝐻1 = 𝐻(𝑥, 𝑦)(1 − 𝐻
to the distribution family ℱ(𝐹, 𝐺) are obtained. Then we may obtain a new distribution under their
convex combinations for 𝛿 ∈ [0,1] as follows:
𝐻2 (𝑥, 𝑦) = 𝛿𝐻1∗ (𝑥, 𝑦) + (1 − 𝛿)𝐻1 (𝑥, 𝑦)
̅ (𝑥, 𝑦)) + (1 − 𝛿)𝐻(𝑥, 𝑦)(1 − 𝐻
̅ (𝑥, 𝑦))
= 𝛿𝐻(𝑥, 𝑦)(1 + 𝐻
̅ (𝑥, 𝑦).
= 𝐻(𝑥, 𝑦) + (2𝛿 − 1)𝐻(𝑥, 𝑦)𝐻
By letting 2𝛿 − 1 = 𝜆, the new distribution proposal is
̅ (𝑥, 𝑦),
𝐻2 (𝑥, 𝑦) = 𝐻(𝑥, 𝑦) + 𝜆𝐻(𝑥, 𝑦)𝐻

𝜆 ∈ [−1,1].

(6)

Note that, 𝐻(𝑥, 𝑦) belongs to negatively dependent subclass or independent subclass of the family
ℱ(𝐹, 𝐺). Respectively, the joint probability density function and the survival function are
̅ (𝑥, 𝑦)))
ℎ2 (𝑥, 𝑦) = ℎ(𝑥, 𝑦) (1 + 𝜆(𝐻(𝑥, 𝑦) + 𝐻
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+𝜆 [

̅ (𝑥, 𝑦) 𝜕𝐻(𝑥, 𝑦) 𝜕𝐻
̅ (𝑥, 𝑦)
𝜕𝐻(𝑥, 𝑦) 𝜕𝐻
+
],
𝜕𝑥
𝜕𝑦
𝜕𝑦
𝜕𝑥

̅ (𝑥, 𝑦) + 𝜆 𝐻(𝑥, 𝑦)𝐻
̅ (𝑥, 𝑦),
𝐻2 (𝑥, 𝑦) = 𝐻

(7)

𝜆 ∈ [−1,1].

(8)

Therefore, we finally propose distribution family with simple structures like Farlie-GumbelMorgenstern (FGM) distribution family (see, Farlie [19] and Gumbel [20]).

2.

Hazard Rate and Reversed Hazard Rate Functions of 𝑯𝟐

The bivariate reversed hazard rate function is defined as 𝑟𝑣(𝑥, 𝑦) = 𝑓( 𝑥, 𝑦)/𝐹(𝑥, 𝑦) [21]. Furthermore,
Basu [22] defines the bivariate hazard rate as 𝑟(𝑥, 𝑦) = 𝑓( 𝑥, 𝑦)/𝐹̅ (𝑥, 𝑦). By using Eq. (6-8) we may
gain a close form for both 𝑟𝐻2 and 𝑟𝑣𝐻2 .
̅
̅
̅ (𝑥, 𝑦))) + 𝜆 [𝜕𝐻(𝑥, 𝑦) 𝜕𝐻 (𝑥, 𝑦) + 𝜕𝐻(𝑥, 𝑦) 𝜕𝐻 (𝑥, 𝑦)]
ℎ(𝑥, 𝑦) (1 + 𝜆(𝐻(𝑥, 𝑦) + 𝐻
𝜕𝑥
𝜕𝑦
𝜕𝑦
𝜕𝑥
𝑟𝐻2 (𝑥, 𝑦) =
̅
̅
𝐻 (𝑥, 𝑦) + 𝜆 𝐻(𝑥, 𝑦)𝐻 (𝑥, 𝑦)
= 𝑟𝐻 (𝑥, 𝑦) (1 +

̅ (𝑥, 𝑦)
𝜆𝐻
1
) (𝑟 (𝑥|𝑦)𝑟𝑣𝐻 (𝑦|𝑥) + 𝑟𝐻 (𝑦|𝑥)𝑟𝑣𝐻 (𝑥|𝑦)),
) − (1 −
1 + 𝜆𝐻(𝑥, 𝑦)
1 + 𝜆𝐻(𝑥, 𝑦) 𝐻
̅ (𝑥,𝑦)
−𝜕𝐻
𝜕𝑥

where 𝑟𝐻 (𝑦|𝑥) =

̅ (𝑥,𝑦)
𝐻

and 𝑟𝑣𝐻 (𝑦|𝑥) =

𝜕𝐻(𝑥,𝑦)
𝜕𝑥

𝐻(𝑥,𝑦)

are respectively conditional hazard rate and

conditional reversed hazard rate functions of 𝐻 with given 𝑋 = 𝑥.
̅
̅
̅ (𝑥, 𝑦))) + 𝜆 [𝜕𝐻(𝑥, 𝑦) 𝜕𝐻 (𝑥, 𝑦) + 𝜕𝐻(𝑥, 𝑦) 𝜕𝐻 (𝑥, 𝑦)]
ℎ(𝑥, 𝑦) (1 + 𝜆(𝐻(𝑥, 𝑦) + 𝐻
𝜕𝑥
𝜕𝑦
𝜕𝑦
𝜕𝑥
𝑟𝑣𝐻2 (𝑥, 𝑦) =
̅
𝐻(𝑥, 𝑦) + 𝜆𝐻(𝑥, 𝑦)𝐻 (𝑥, 𝑦)
= 𝑟𝑣𝐻 (𝑥, 𝑦) (1 +

3.

𝜆𝐻(𝑥, 𝑦)
1
) − (1 −
) (𝑟𝐻 (𝑥|𝑦)𝑟𝑣𝐻 (𝑦|𝑥) + 𝑟𝐻 (𝑦|𝑥)𝑟𝑣𝐻 (𝑥|𝑦)).
̅
̅ (𝑥, 𝑦)
1 + 𝜆𝐻 (𝑥, 𝑦)
1 + 𝜆𝐻

Spearman’s Rho Measure Bounds for 𝑯𝟐

In this section, we consider obtaining lower and upper bounds of dependence measure for 𝐻2 given by
the Eq. (6). According to Hoeffding [23] and Fréchet [24], any bivariate distribution 𝐹(𝑥, 𝑦) belonging
to ℱ(𝐹, 𝐺) must contain Fréchet lower and upper bounds. These bounds are respectively defined as
𝐹 − (𝑥, 𝑦) = max{𝐹(𝑥) + 𝐺(𝑦) − 1,0}

(9)

𝐹 + (𝑥, 𝑦) = min{𝐹(𝑥), 𝐺(𝑦)}.

(10)

For 𝐹 ∈ ℱ(𝐹, 𝐺), Spearman’s rho measure can be expressed as

𝜌𝑠 (𝑋, 𝑌) = 12 ∫ ∫ {𝐹(𝑥, 𝑦) − 𝐹(𝑥)𝐺(𝑦)}𝑑𝐺(𝑦)𝑑𝐹(𝑥)

(11)

ℝ ℝ

(Schweizer and Wolff [25]). The Spearman’s rho correlation coefficient for 𝐻2 can be obtained by
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̅ (𝑥, 𝑦) − 𝐹(𝑥)𝐺(𝑦))𝑑𝐺(𝑦)𝑑𝐹(𝑥).
𝜌𝑠 = 12 ∫ ∫ (𝐻(𝑥, 𝑦) + 𝜆𝐻(𝑥, 𝑦)𝐻
ℝ ℝ

Hence, by using the fact that 𝐻(𝑥, 𝑦) ≤ 𝐹(𝑥)𝐺(𝑦), for 𝜆 > 0, the upper bound can be obtained as 𝜌𝑠 ≤
𝜆
. For 𝜆 > 0, by using the Eq. (9), to obtain the lower bound, then the lower bound is 𝜌𝑠 ≥ 0. For 𝜆 <
3
𝜆

0, by similar algebraic manipulations, 𝜌𝑠 lies in the interval [– 3 , 0 ]. Thus, according to sign of 𝜆,
bounds can be written as below:
𝜆
[− , 0 ] ,
3
𝜌𝑠 ∈ 0
,
𝜆
{ [0, 3 ] ,

𝜆<0
𝜆=0
𝜆 > 0.

We have an illustrative example to see the success of dependence modeling for this family.
Example1. The FGM distribution is defined by 𝐻(𝑥, 𝑦) = 𝐹(𝑥)𝐺(𝑦)[1 + 𝜃 𝐹̅ (𝑥)𝐺̅ (𝑦)], for 𝜃 ∈
[−1,1], (see, Farlie [19] and Gumbel [20]). Because of the assumption of negative dependency, taking
𝜃 ∈ [−1,0], the distribution 𝐻2 is given by
𝐻2 (𝑥, 𝑦) = 𝐹(𝑥)𝐺(𝑦)[1 + 𝜃 𝐹̅ (𝑥)𝐺̅ (𝑦)][1 + 𝜆𝐹̅ (𝑥)𝐺̅ (𝑦)[1 + 𝜃 𝐹(𝑥)𝐺(𝑦)]]
𝜃
3

1
3

𝜃
6

where 𝜆 ∈ [−1, 1] and 𝜃 ∈ [−1,0]. Hence, 𝜌𝑠 = + 𝜆 ( + +
minimum value as
(0,1).

−77
150

𝜃2
).
75

Since 𝜃 ∈ [−1,0], 𝜌𝑠 attains a

≅ −0.513 at (𝜃, 𝜆) = (−1,1), and 𝜌𝑠 attains maximum value as

1
3

at (𝜃, 𝜆) =

We conclude that this family can detect a weakly positive dependence as much as FGM can. However,
even if the base distribution is negative dependent, 𝐻2 can detect both positive dependence and negative
dependence. It has a wider correlation coefficient in the negative values of 𝜆 than FGM has.

4.

Conclusion

In this study, by using transmutation method in bivariate case, we offered a new approach in generating
a bivariate continuous distribution using a baseline distribution from the subclass consisting of
negatively dependent distributions of ℱ(𝐹, 𝐺). This transmutation restricts to negative dependency and
other situations than negative dependence, in theory transmutation does not provide distribution species
totally in new generations.
With derivating this new distribution via orders statistics and examining coefficient of Spearman’s rho
for dependency, we conclude that this new distribution may be more capable than most known and most
used bivariate distributions in modeling negative dependency. The new distribution which is suggested
in this study gives the same coefficient value of Spearman’s rho in positive dependency. Thereby
distributions generated with negative dependency conditions are more reliable.
Under negative dependency condition of this study indicates that better modeling than FGM in the same
class which is in ℱ(𝐹, 𝐺) is possible.
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Abstract
Akash distribution is a mixture of an exponential distribution and a gamma distribution with
certain mixing proportions. Although the maximum likelihood estimation method has been
proposed for the Akash distribution, there is no comprehensive comparison of different
methods of estimation in the literature. This study provides five different methods of
estimation, such as maximum likelihood, least-squares, weighted least-squares, AndersonDarling, and Crámer–von-Mises for Akash distribution. We consider a comprehensive Monte
Carlo simulation study to compare the performances of these methods via the biases and meansquared errors of these estimators. Also, a real data application is performed.

1.

Introduction

Akash distribution was introduced by Shanker [1]. It is
a two-component mixture of exponential   and
gamma  3,  with their mixing proportions

2
2  2

2
respectively. The probability density
 2
function (pdf) and cumulative density function (cdf) of
Akash distribution are, respectively, given by

and

2

f  x;  

3


2

1  x  e
2
2

 x

, I  0,  x 

(1)

and
  x  x  2    x
F  x;   1  1 
e ,
2  2 


(2)

where   0 is a scale parameter and I  0,   x  is an
indicator function. Shanker [1] provided some
characteristic properties of Akash distribution. It is
examined the shape of the hazard function with its
graphs and stated that Akash distribution is more
flexible than Lindley and exponential distribution
since its hazard function can be increasing and
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Keywords:
Akash
distribution,
Maximum likelihood
method, Least-squares
method,
Weighted
least-squares method,
Crámer–von-Mises
method.

decreasing shape in [1]. Akash distribution is taken the
attention of many authors recently. Some of these
studies are listed as follows: Shanker and Fesshaye [2]
considered a comprehensive study, including real data
applications, to compare the potentials of fitted
distributions for modeling lifetime data. They chose
Shanker [3], Lindley [4], and exponential distributions
as competitor distributions for Akash distribution in
modeling real data. Shanker and Shukla [5] studied two
parameters Akash distribution. Shanker et al. [6]
suggested a generalization of Akash distribution.
Shanker et al. [7] proposed a new distribution called
Poisson-Akash distribution. The method of moments
and maximum likelihood methods are also discussed to
estimate the parameters of this model in [7]. Ganaie
and Rajagopalan [8] described a new three parameters
distribution by weighting on the Akash distribution.
Although many authors used Akash distribution to
produce a new distribution, most of them did not tackle
the problem of point estimation. The parameter
estimation problem is one of the most popular topics
that many authors have been dealing with recently.
Estimation of the parameter is very important for
distribution to obtain information about the unknown
of the mass. Different methods can be used for
parameter estimation. The maximum likelihood
method is well-known for parameter estimation.

*Corresponding author. e-mail address:kkarakaya@selcuk.edu.tr
http://dergipark.gov.tr/csj ©2020 Faculty of Science, Sivas Cumhuriyet University
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However, alternative methods to the maximum
likelihood method are used by many authors in the
decade. In this case, they aim to compare different
parameter estimation methods and determine which
method is suitable for the parameter estimation of the
relevant distribution. Some studies comparing
different methods of estimation in recent years can be
listed as follows: Gupta and Kundu [9] studied
different estimation methods for the generalized
exponential distribution. Kundu and Raqab [10]
described a lifetime distribution called generalized
Rayleigh. It also discussed different estimation
methods for this distribution in [10]. Mazucheli et al.
[11] compared different estimation methods for
weighted Lindley distribution. Two parameters
Rayleigh distribution was examined by Dey et al. [12]
in terms of different methods of estimation. It was
assessed those different estimation methods of Weibull
distribution in [13]. Dey et al. [14] considered a
comparison of methods of estimation for Nadarajah
and Haghighi distribution.

a real data illustration. Finally, concluding remarks are
given in Section 5.

This study aims to estimate the parameter of the Akash
distribution with five different methods. For this
reason, maximum likelihood estimator (MLE), leastsquare estimator (LSE), weighted least square
estimator (WLSE), Anderson-Darling estimator
(ADE), and Crámer–von-Mises estimator (CvME) are
considered for point estimation.

and

This paper is organized as follows. Section 2
introduces five different methods of estimation. A
comprehensive Monte Carlo simulation study is
presented to evaluate the performances of these
estimators according to bias and mean square error
(MSE) criteria in Section 3. In Section 4, we consider

ˆ1  arg max   .



  x x  2
i 
i 

QLS      1  1 
2

 2
i 1  
 
n

the corresponding order statistics. Additionally, x i 
denotes the observed value of X  i  . Based on this
information, the likelihood and log-likelihood function
of the Akash (θ) distribution are given, respectively, by
n
3
L     2
(3)
1  xi 2  exp   xi 


2
i 1

   3n log    n log  2  2    log 1  xi 2     xi .

i



  x x  2
n
1
i 
i 

QCvM   
   1  1 
2

12n i 1  
 2
 

n

n

i 1

i 1

(4)
Then, MLE of  is given by


(5)

Let us define the following four functions which are
used to obtain the different type of estimates:
2





In this section, we examine five estimators for
estimating the unknown parameter of Akash  
distribution. We investigate maximum likelihood,
least-squares, weighted least squares, Crámer–vonMises, and Anderson-Darling methods of estimation.
Let X1 , X 2 , , X n be a random sample from the Akash
(θ) distribution and X 1  X  2   X  n represent

  exp  x   i  ,
    n  1 




2 
 n  2  n  1  1  1   xi   xi   2
QWLS    

i  n  i  1   
2  2
i 1
 
n

2. Point estimation on distribution parameter



  exp  x   i  ,
    n  1 

2

i






  exp  x   2i  1 
    2n 

i



and
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  x x  2
i 
i 
n  2i  1 log  1   1 
   
1 
2
QAD    n   
 2
 
n i 1 




  
1 n     xi   xi   2
   log   1 
n i 1   
2  2





  exp  x   
     

i



 


  exp  x   .
     

i

 




the LSEs, WLSEs, CvMEs, and ADEs of the parameter
 are given, respectively, by

ˆ2  arg min QLS   ,

(6)

ˆ3  arg min QWLS   ,

(7)

ˆ4  arg min QCvM   ,

(8)

ˆ5  arg min QAD  .

(9)









All estimates given in (5)-(9) can be achieved by optim
function in R with BFGS algorithm.

In this section, we consider an extensive Monte Carlo
simulation study to evaluate the biases and MSEs of
MLEs, LSEs, WLSEs, CvMEs, and ADEs of
distribution parameter are estimated via 100000 trials.
The acceptance-rejection algorithm is used to generate
the data from Akash(  ) distribution. BFGS algorithm
is performed to get the five estimates given in (5)-(9).
In Tables 1-2, biases and MSEs of MLE, LSE, WLSE,
CVME, and ADE are reported for the true parameter
  0.3,0.7,1.3,2.2 .
The
sample
size
n  25,50,100,250 is considered in the simulation
study. Tables 1-2 shows that the biases and MSEs of
all estimators are close to zero when the sample of size
increases.

3. Simulation Study
Table 1: Average biases of all estimates
θ

n

MLE

LSE

WLSE

ADE

CVME

0.3

25

0.0038

0.0024

0.0022

0.0022

0.0030

50

0.0018

0.0011

0.0011

0.0010

0.0014

100

0.0009

0.0005

0.0005

0.0005

0.0007

250

0.0003

0.0002

0.0002

0.0001

0.0002

25

0.0087

0.0055

0.0051

0.0050

0.0069

50

0.0041

0.0023

0.0023

0.0022

0.0031

100

0.0022

0.0012

0.0013

0.0012

0.0016

250

0.0008

0.0005

0.0005

0.0004

0.0006

25

0.0191

0.0122

0.0111

0.0111

0.0159

50

0.0094

0.0058

0.0056

0.0054

0.0077

100

0.0048

0.0031

0.0031

0.0029

0.0040

250

0.0020

0.0013

0.0013

0.0012

0.0017

25

0.0494

0.0347

0.0314

0.0305

0.0445

50

0.0252

0.0181

0.0170

0.0164

0.0230

100

0.0122

0.0085

0.0084

0.0078

0.0109

250

0.0052

0.0038

0.0039

0.0035

0.0048

0.7

1.3

2.2
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Table 2: Average MSEs of the estimates
θ

n

MLE

LSE

WLSE

ADE

CVME

0.3

25

0.0012

0.0014

0.0014

0.0013

0.0014

50

0.0006

0.0007

0.0007

0.0006

0.0007

100

0.0003

0.0003

0.0003

0.0003

0.0003

250

0.0001

0.0001

0.0001

0.0001

0.0001

25

0.0064

0.0073

0.0069

0.0067

0.0073

50

0.0031

0.0036

0.0033

0.0033

0.0036

100

0.0015

0.0018

0.0017

0.0016

0.0018

250

0.0006

0.0007

0.0007

0.0007

0.0007

25

0.0242

0.0283

0.0266

0.0256

0.0286

50

0.0115

0.0134

0.0126

0.0123

0.0135

100

0.0056

0.0066

0.0062

0.0061

0.0066

250

0.0022

0.0026

0.0024

0.0024

0.0026

25

0.0946

0.1193

0.1097

0.1026

0.1213

50

0.0438

0.0547

0.0501

0.0488

0.0552

100

0.0210

0.0263

0.0240

0.0236

0.0264

250

0.0081

0.0102

0.0093

0.0092

0.0102

0.7

1.3

2.2

4. Real Data Applications
In this section, a real data application of the Akash
distribution is presented. For the comparison, we
consider some one-parameter distributions such as
exponential (E), Lindley (L), Shanker (SH) introduced
by Shanker [3], Sujatha (SJ) introduced by Shanker
[15]. The pdf of these distributions are given by
f E  x    exp  - x  ,

2
1+x  exp  - x  ,
 1
2
fSH  x   2
 +x  exp  - x  ,
 1
2
fSJ  x   2
1+x  x2  exp  - x .
   2
fL  x 

(HQIC), Kolmogorov-Smirnov statistic (KS),
Anderson-Darling statistic(AD), Cramer von Mises
statistic(CvM) and related p-values are obtained as
Table 3. Also, LSEs, WLSEs, CvMEs, and ADEs of
the parameter of the fitted distributions are reported in
Table 3. Table 3 shows that the Akash distribution is
the best-fitted model considering all criterion and
statistics for failure time data. Figures 1-2 illustrates
the fitted cdfs and pdfs of Akash distribution for five
methods of estimation.
The data set is given by Murthy et al. [16] and
represents the failure time of 20 components. The data
are 0.072, 4.763, 8.663, 12.089, 0.477, 5.284, 9.511,
13.036, 1.592, 7.709, 10.636, 13.949, 2.475, 7.867,
10.729, 16.169, 3.597, 8.661, 11.501 and 19.809.

Five distributions are fitted to the real data set with the
likelihood principle. The MLEs of all distributions
parameter are also obtained by the BFGS algorithm.
The MLEs of parameters and related standard errors
for Akash, E, L, SH, and SJ distributions are reported
in Table 3. The log-likelihood   , 2 , Akaike's
information criterion (AIC), Bayesian information
criterion (BIC), corrected Akaike' s information
criterion (AICc), Hannan Quinn information criterion
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Table 3: Real data analysis results for the failure time data
Akash

E

L

SH

SJ

-61.6744

-62.6346

-61.3792

-62.2797

-61.8345

2

123.3488

125.2693

122.7583

124.5595

123.6689

AIC

125.3488

127.2693

124.7583

126.5595

125.6689

BIC

126.3445

128.2650

125.7541

127.5552

126.6647

CAIC

125.5710

127.4915

124.9805

126.7817

125.8912

HQIC

125.5431

127.4636

124.9527

126.7538

125.8633

KS

0.1663

0.2493

0.2022

0.2065

0.1707

AD

0.8635

1.1600

0.6904

0.8684

0.8410

CvM

0.0978

0.2349

0.1140

0.1256

0.0953

KS p value

0.5807

0.1397

0.3398

0.3163

0.5482

AD p value
CvM p value

0.4359

0.2827

0.5649

0.4327

0.4508

0.6004

0.2094

0.5244

0.4766

0.6132

0.3427

0.1186

0.2162

0.2352

0.3293

ˆ1
ˆ

0.3150

0.0954

0.1930

0.2067

0.3026

ˆ

0.3192

0.1041

0.2002

0.2133

0.3073

ˆ

0.3309

0.1003

0.2019

0.2179

0.3174

ˆ

0.3171

0.0964

0.1945

0.2083

0.3047

2

3
4

5

1
0.9
0.8
0.7

F(x)

0.6
0.5
0.4
Empirical CDF
ML
LS
WLS
AD
CVM

0.3
0.2
0.1
0

0

2

4

6

8

10
x

12

14

16

18

20

Figure 1. The fitted cdfs of Akash distribution for different methods of estimation based on failure time data
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CVM
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12
failure time data

14

16
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20

Figure 2. The density curves of Akash distribution for different methods of estimation based on failure time data

5. Concluding remarks
In this paper, the Akash distribution introduced by
Shanker [1] is studied in terms of point estimations.
Five estimators are discussed to estimate the parameter
of Akash distribution. A new extension is provided for
the estimation of the parameter of Akash distribution.
Simulation studies are carried out for four different
initial values. As the sample of size increases, it can be
said that the MSEs and biases of all estimators
decreases and close to each other. In a small sample,
the MSEs of the MLE and ADE are smaller than the
others. To show capability of Akash distribution in
practical data modeling, a real data application is
conducted. According to Table 3, it can be concluded
that Akash distribution is the best fitting model for
failure time data. Also, Figures 1-2 provides fitted cdfs
and pdfs according to five different estimators for
Akash distribution. The Akash distribution was
compared with some known distributions and
presented the estimates according to different
parameter estimators.
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In this study, the teams that qualified for the next round as a result of two-legged matchups
are predicted using the data collected from the UEFA (Union of European Football
Associations) Champions League group stage matches. The study contributes to the literature
in terms of variety of methods used and content of the dataset compared to other studies
conducted on football data. It is also a pioneering study to predict the outcome of a two-legged
matchup. The data are collected from the matches played in the Champions League
organizations held between 2010-2018. Classification methods as Artificial Neural Network,
K-Nearest Neighbors, Logistic Regression Analysis, Naive Bayes Classifier, Random Forest
and Support Vector Machine are used for the prediction. Two applications are carried out to
test the successes of the classification models. In the first application, the most successful
method is naive bayes classifier (86.66%) and in the second application, the most successful
method is random forest (74.81%).
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Introduction

Football or soccer is the most popular sport branch of
our time thanks to its massive fan base worldwide. [15]. A great number of national and international
football tournaments take place today. One of the most
well-known organizations is the UEFA Champions
League. The Champions League is held between the
teams of the countries affiliated to UEFA that qualify
for the tournament and consists of the qualifying
rounds, group matches and final matches, respectively.
Some of the teams gain direct entry to the group stage

while others are qualified after taking part in different
number of qualifying round ties. The group stage
begins with 32 teams and these teams are split into
eight groups of four teams. The top two teams from
each group are advanced to the Round of 16 after the
group stage. Thus, 15 matchups take place in the
Champions League: Round of 16, quarter-final, semifinal and final, respectively. These matchups are
shown in Fig 1.

*Corresponding author. e-mail address: ismailhakkikinali@gmail.com
http://dergipark.gov.tr/csj © 2020 Faculty of Science, Sivas Cumhuriyet University
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Figure 1. Organization of the champions league matches

Predicting the result of a future football match is
important in several ways. A successful prediction
model is important for betting organizations as well as
contributing to sports analytics studies. It contributes
to sports analytics studies on topics such as evaluating
performance data, explaining the relationship between
these data and the result of the match, determining
team and player strength. On the other hand, an
effective prediction model is crucial for both bettors
and organizers to increase profitability. While the
prediction models are used to calculate the bet odds by
organizers, it is also used by players to gain more from
the bet.
Results of the football competitions are based on many
independent variables (predictors). Variables such as
the number of passes, the number of shots, and the
percentage of playing the ball are related to the result
of the match which is considered as dependent
variable. In addition to these variables, the methods
used to predict the match result are important. When
the literature is examined, it is seen that machine
learning algorithms are frequently used in predicting
match results. Methods such as Artificial Neural
Network (ANN), K-Nearest Neighborhood (KNN),
Logistic Regression Analysis (LRA), Naive Bayes
Classifier (NBC), Random Forest (RF) and Support
Vector Machine (SVM), are the most commonly used.

Some of these studies that differ in terms of dataset
contents and methods used are given below.
Goddard [6] used 25 years of data obtained from the
English Premier League in order to predict the goals
and results of matches. He conducted a bivariate
Poisson regression analysis to predict the scores and
“ordered probit regression” for prediction. Huang and
Chen [7] predicted the next rounds’ results using
artificial neural networks with the data obtained from
2006 FIFA World Cup group results. They considered
the number of goals and shots, shot on target, corner
kick, free kick, indirect free kick and fouls as
independent variables and achieved an accuracy rate of
85.7% in the second round, 66.7% in the quarter-final
and 50% in the semi-final while they correctly
predicted the final match. The general accuracy rate is
calculated as 76.9%. Timmaraju et al. [8] considered
the independent variables as goal, corner and shot on
target and predicted the results of the English Premier
League matches using the Multinomial Logistic
Regression and Support Vector Machine. The highest
accurate prediction rate, 66.7%, is obtained through the
Support Vector Machine. Ulmer and Fernandez [9],
intended to predict the results using artificial
intelligence and machine learning with the data
obtained from English Premier League clubs.
Historical data, match day data and certain independent
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variables of current team performance are used for the
classification. Additionally, the methods as Linear
Regression with Stochastic Gradient Descent, Naive
Bayes, Hidden Markov Model, Support Vector
Machine and Random Forest are implemented. Linear
Regression with Stochastic Gradient Descent (0.48),
Random Forest (0.50) and Support Vector Machine
(0.50) provided better error rates. Late and Gupta [10]
predicted the results using artificial intelligence and
machine learning. Historical data and current data of
the clubs are used as independent variables. The
highest accurate prediction rate is found to be 42.2% in
their study. Igiri [11] used support vector machines to
predict the results of football matches. There are 38
features related to the performances of the teams in the
study dataset. The prediction success achieved in the
tests is 53.3%. Baboota and Kaur [12] predicted the
match results using gaussian naive bayes, random
forest, support vector machine, and gradient boosting
methods. In the dataset, there are 33 attributes that
show the past performance of the teams. As a result of
the tests, they achieved the highest prediction success
with the gradient boosting method (57%). Rahman
[13] predicted the results of the 2018 World Cup group
stage matches with deep learning. He proposed a
neural network model using LSTM. The dataset is
prepared by evaluating the teams' performances in
international matches between 1872-2018. As a result
of the tests, 63.3% prediction success is achieved. For
more details on prediction of the match results please
see Rotshtein et al. [14], Joseph et al. [15], Hvattum
and Arntzen [16], Owen [17], Constantinou et al. [18],
Igiri and Nwachukwu [19], Koopman and Lit [20],
Amadin and Obi [21], Robertson et al. [22], Gevaria et
al. [23], Prasetio and Dra. Harlili [24], Martins et al.
[25], Bunker and Thabtah [26].
In this study, the winners of the two-legged machups
are predicted with the information obtained from the
group stage matches of the UEFA champions league
tournaments between 2010 and 2018. ANN, KNN,
LRA, NBC, RF and SVM methods are used for
prediction. Prediction methods, evaluation measures
and information about data preparation process is
provided in Section 2. Application results and accurate
prediction rates of the methods are presented in Section
3. In Section 4, the results are discussed and
information on future studies is provided.

2. Materials and Methods
2.1.

Classification
measures

methods

and

evaluation

Classification is defined as assigning the observations
in the dataset to certain labels according to their
characteristics [27]. In this study, predicting the results
of football matches is considered as a classification
problem. The concept of classification is one of the
most popular topics studied in data mining and
machine learning and is also used in many different
disciplines recently [28]. There are many methods used
for classification in the literature. In this study, ANN,
KNN, LRA, NBC, RF and SVM methods are used and
brief information about these methods is given below.
2.1.1. Artificial neural network (ANN)
The idea of artificial neural network began with a paper
written by neuroscientist, Warren McCulloch, and a
mathematician, Walter Pitts [29]. Artificial neural
network is a learning system that focuses on simulating
biological human brain entirely different from
traditional computers [30]. It is used to solve various
problems like classification, prediction, identification,
modeling, etc. An artificial neural network should have
learning ability in order to solve the problem. It
requires a wealth of data to learn, just as the human
brain that needs neuronal data transmitted by the sense
organs, also called knowledge. The network creates an
output value as a result of a series of operations
performed by inserting this data into the network as
input. This value corresponds to the solution to be
reached.
2.1.2. K-nearest neighbors (KNN)
KNN algorithm may be used as an alternative for
classification procedures when there is no information
about data distribution or limited [31]. In 1951, Fix and
Hodges [32] introduced the method, which is a
nonparametric model called the nearest neighbor
decision rule, and used for pattern classification.
Certain characteristics of the KNN algorithm are later
specified by Cover and Hart [33] in 1967. In time, new
approaches are presented for the algorithm, which is
outlined with these studies. This algorithm calculates
the distance between the classified data and others
within the dataset. There are various distance measures
used to calculate this distance. Euclidean and
Manhattan distance measurements are the most
common. The calculated distance values are listed
ascending and the closest neighbors are determined
and the data are classified. This simple and easy-to-use
method can provide successful results even when it is
compared to the most complex machine learning
methods [34].
2.1.3. Logistic regression analysis (LRA)
The origins of the logistic regression go back to the
early 19th century [35]. It differs from the linear
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regression model due to the categorical and multi-class
dependent variable [36]. Independent variables can be
categorical or continuous, while the dependent variable
is only categorical [37]. When the dependent variable
has two categories, the binary logistic regression is
applied. If the dependent variable has more than two
categories, multinomial logistic regression can be
performed. Logistic regression models give odds ratios
and related confidence intervals. It provides a solution
for various problems as classification and pattern
recognition.
2.1.4. Naive bayes classifier (NBC)
The Naive Bayes classification algorithm is based on
the Bayes Theorem. Naive Bayes is a simple form of
the Bayesian network where all attributes are
independent for the class variable [38]. Although the
Naive Bayes classifier is a structurally simple
classification method, it is a very effective and baseline
classifier [39]. It is widely used in many applications
as text classification, medical diagnosis and
performance management [40].
2.1.5. Random forest (RF)
The model, first called Random Decision Forest by Ho
[41], is identified with its widely used name, Random
Forest, by Breiman [42] in 1999. Random forests are a
combination of tree predictors depend on the values of
a vector which are independent and identical
distributed [43]. The structure of the random forests is
built through multiple decision trees, instead of

individuals, trained with different datasets derived
from the original using bootstrapping. The prediction
of the forest is achieved as a result of the predictions
obtained from each tree within this structure that may
have a different number of variables.
2.1.6. Support vector machine (SVM)
The Support Vector Machines are based on the
Statistical Learning Theory, known as the VapnikChervonenkis (VC), and they are introduced by
Vladimir Vapnik in 1960 [44]. They are mainly a type
of machine learning systems that use the binary
classification method. This method aims to separate
two classes from each other according to the
hyperplane that will be formed by transforming the
data into a higher dimension [45]. Support Vector
Machines use a linear separation function and their
purpose is to predict the most appropriate function to
split data. The estimation of this function is the solution
for the optimization problem which ensures the
maximum distance between the two boundaries.
Support vector machines designed to solve two-class
problems are also used in multi-class classification
problems with various modifications [46-51].
2.1.7. Evaluation measures
The Confusion Matrix given in Table 1 is used to
compare the classification methods. Some evaluation
measures based on the Confusion Matrix are given
below.

Table 1. Demonstration of the confusion matrix
Actual Result of Elimination Tour
Team 1 (Negative)

Team 2 (Positive)

Team 1 (Negative)

TN (True Negative)

FP (False Positive)

Team 2 (Positive)

FN (False Negative)

TP (True Positive)

Prediction

The structure of the confusion matrix given in Table 1
is adapted for this classification problem as follows;
Negative when A (Team 1) is qualified for the next
round,
Positive when B (Team 2) is qualified for the next
round,
TN: The number of those classified as "Team 1
qualified" when it is qualified for the next round,

FP: The number of those classified as "Team 1
qualified" when it is not qualified for the next
round,
FN: The number of those classified as "Team 2
qualified" when it is not qualified for the next
round,
TP: The number of those classified as "Team 2
qualified" when it is qualified for the next round,
Based upon these variables, the evaluation statistics are
defined as follows:
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PO 

TP  TN
TN  FN  FP  TP

TP Rate 

TP
TP  FN

Precision 

MCC 

TP
TP  FP

PE 

FP Rate 

TP  FP TP  FN    FN  TN  FP  TN 
2
TN  FN  FP  TP 

FP
FP  TN

Kappa Statistic 

TN Rate 

PO  PE
1  PE

TN
TN  FP

F - Measure 

FN Rate 

FN
TP  FN

2TP
 2TP  FP  FN 

TP  TN  FP  FN

TP  FP TP  FN TN  FP TN  FN 

TP rate is also known as sensitivity or Recall and TN
rate is known as specificity. High values of Accuracy,
TP Rates, TN Rates, Precision and F-Measure indicate
the success of classification methods. MCC is a
correlation coefficient between the predicted and
observed binary classifications. On the other hand, the
kappa statistic is interested in the coherency between
results of the predicted and observed classifications to
check sample points correctly classified by chance, and
it ranges from 0 to 1. Kappa value implies a successful
classifier for large kappa values (near 1). If the kappa
values almost zero, it indicates that the classifier is
equivalent to chance.
2.2. Data description and analysis
It is essential to have adequate information on the
teams before the elimination stage that meant to
be predicted.
It is essential to have adequate information on the
teams before the elimination stage that meant to be
predicted. In order to have information about the
teams, their performances in previous matches should
be evaluated. For this purpose, statistical data of
champions league matches played between 2010-2018
are collected. These data are obtained from the website
named "WhoScored.Com".

these six matches. These variables are presented in
Table 2. 1x40 sized feature vectors characterizing each
team are derived from the mean of the independent
variables. These feature vectors are used to compare
the matching teams in qualifying rounds. The feature
vectors difference of the two teams in the qualifying
round consists of independent variables of the training
and test dataset. The dependent variable is qualified
team’s label (1 or 2). These dependent and independent
variables are identified as follows:
 
Let us X kij
denotes the j th variable of first team of

k th elimination match in i th group match at the
organization and let Ykij  denotes the j th variable of
second team of the k th elimination match in the i th
group match at the organization, where  1,2,...,9,
k  1,2,...,15, i  1,2,...,6, and j  1, 2,..., 40 . Let us
define

 

X k j 

 
1 6 
1 6
X kij and Y k  j  Ykij  ,

6 i 1
6 i 1

(1)

and
 

 

 

Dk  j  X k  j  Y k  j .

Each team plays six matches in group stage. 40
independent variables are observed for each team from

(2)

Then independent variables are compiled by

 T1 
  2 
T 
T
,



 T 9  

13540
where

T

(3)



 D1 j

 D 
  2 j

 
 D15 j


 

D12

 

D 2 2
 

D152

 
D140 

  
D 240
.


  
D1540 1540

(4)

Let us also define random variables for r  1,2,...,15
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1 , if the first team is qualified
Zr  
 2 , if the second team is qualified

Main point of the study is prediction of the Z r (predict
qualified team) based on matrix T .

Table 2. The attributes without feature selection and feature extraction
Id
̅ (𝓵)
𝑫
𝒌⋅𝟏
̅ (𝓵)
𝑫
𝒌⋅𝟐
̅ (𝓵)
𝑫
𝒌⋅𝟑
(𝓵)
̅
𝑫𝒌⋅𝟒
̅ (𝓵)
𝑫
𝒌⋅𝟓
(𝓵)
̅
𝑫𝒌⋅𝟔
̅ (𝓵)
𝑫
𝒌⋅𝟕
(𝓵)
̅
𝑫𝒌⋅𝟖
̅ (𝓵)
𝑫
𝒌⋅𝟗
(𝓵)
̅
𝑫𝒌⋅𝟏𝟎
̅ (𝓵)
𝑫
𝒌⋅𝟏𝟏
(𝓵)
̅
𝑫𝒌⋅𝟏𝟐
̅ (𝓵)
𝑫
𝒌⋅𝟏𝟑
(𝓵)
̅
𝑫𝒌⋅𝟏𝟒

Attribute Name

Id

Possession %

(ℓ)
̅𝑘⋅15
𝐷

Total Attempted Tackles

(ℓ)
̅𝑘⋅16
𝐷
(ℓ)
̅𝑘⋅17
𝐷
(ℓ)
̅𝑘⋅18
𝐷
(ℓ)
̅𝑘⋅19
𝐷
(ℓ)
̅𝑘⋅20
𝐷
(ℓ)
̅𝑘⋅21
𝐷
(ℓ)
̅𝑘⋅22
𝐷
(ℓ)
̅𝑘⋅23
𝐷
(ℓ)
̅𝑘⋅24
𝐷
(ℓ)
̅𝑘⋅25
𝐷
(ℓ)
̅𝑘⋅26
𝐷
(ℓ)
̅𝑘⋅27
𝐷
(ℓ)
̅𝑘⋅28
𝐷

Successful Tackles %
Interception
Fouled
Fouls
Shots Out of Box
Shots Six Yard Box
Shots Penalty Area
Shots Off Target
Shots on Target
Shots Blocked
Shots Foot
Shots Head

Attribute Name

Id

Attribute Name

Goals Six Yard Box

(ℓ)
̅𝑘⋅29
𝐷

Total Aerial

Goals Penalty Area

(ℓ)
̅𝑘⋅30
𝐷
(ℓ)
̅𝑘⋅31
𝐷
(ℓ)
̅𝑘⋅32
𝐷
(ℓ)
̅𝑘⋅33
𝐷
(ℓ)
̅𝑘⋅34
𝐷
(ℓ)
̅𝑘⋅35
𝐷
(ℓ)
̅𝑘⋅36
𝐷
(ℓ)
̅𝑘⋅37
𝐷
(ℓ)
̅𝑘⋅38
𝐷
(ℓ)
̅𝑘⋅39
𝐷
(ℓ)
̅𝑘⋅40
𝐷

Successful Aerial %

Goals Out of Box
Goals Open Play
Goals Counter
Goals Set Piece
Goals Penalty
Goals Normal
Goals Foot
Goals Head
Total Dribbles
Successful dribbles %

Total Passes
Successful Passes %
Total Key Passes
Rating
Attack Sides Left
Attack Sides Middle
Attack Sides Right
Own Third Action Zone
Middle Third Action Zone
Opposition Third Action Zone

Unsuccessful Touches
Dispossessed

 ZT1 
  2 
 ZT 
ZT  
,



 ZT 9 

13540

In one season of the Champions League, 15 matchups
are played after the group stages. There are a total of
135 matchups in 9 seasons between 2010 and 2018.
Each of these matchups is considered as an observation
in the study.
2.2.1. Data normalization

(5)

where

Since the mean and variances of the variables in the
dataset are significantly different from each other, it
may not be appropriate to classify the raw data. [52].
In order to make it more suitable for classification,
firstly, the normalization process is performed on the
dataset. Thanks to normalization methods such as MinMax, Z-Score and Sigmoid in the literature, different
alternatives of predictors can be used in the
classification process. These normalization methods
are introduced below.

ZT



 

ZD k  j

 ZD1 j

 ZD 2 j



 
 ZD15
j


 

ZD12

 

ZD 22
 

ZD152

 
ZD140 

  
ZD 240
,


  
ZD1540 1540

(6)

 

 

Dk j  Dk j

,1   9,1  k  15,
S 

(7)

1 9 15  
 Dk  j
135 1 k 1
,

(8)

Dk j

Score-Z normalized independent variables are defined
by

 

Dk j 
and
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where

  
1 9 15   

 Dk j  Dk j 
134 1 k 1 
 ,
2

S



 

Dk j

(9)

Min-Max normalized independent variables are
defined by

 MT1 


 MT 2 
MT  
,



 MT 9 

13540

ST

 

SD 22
 

SD152

 

SD k  j
 

 MD1 j

 MD 2 j



 
 MD15
j


 
SD140 

  
SD 240


  
SD1540 1540

(14)

   ,

exp  D   exp   D 
 

 

 

 

exp D k  j  exp  D k  j
k j

 



 

SD12

and

(10)

where

MT



 SD1 j

 SD 2 j


 
 SD15 j


k j

(15)

 

MD140 

  
MD 240


  
MD1540 1540

MD12

 

MD 22
 

MD152

1   9, 1  k  15,

(11)

The Min-Max Normalization method provides the
highest success rates and it is used according to the
analyses discussed in Section 3.
2.2.2. Feature selection and extraction

and
 

Dk j 

 

MD k  j 

max

1  9,1 k 15

 

1  9,1 k 15

 

min

Dk j 

Dk j

min

1  9,1 k 15

 

,

Dk j

(12)

1   9, 1  k  15
Sigmoid normalized independent variables are defined
as,

 ST1 
  2 
 ST 
ST  
,



 ST9 

13540

(13)

Feature selection and feature extraction are used for
datasets in order to increase accuracy rate of the
classification process after performing normalization.
It is aimed to create a lower-dimensional dataset that
will be replaced with the current dataset. It is a twoway process: A small subset of the dimensions are
chosen among the originals to represent datasets within
the feature selection while extraction transforms the
originals into new dimensional datasets. Since there is
no difference between feature selection and extraction
in our study, the correlation-based feature subset
selection [53] is applied to 40 independent variables,
and selected ones are given in Table 3.

Table 3. Predictors after applying future selection
j

Variable Name

j

Variable Name

̅ (𝓵)
𝑫
𝒌⋅𝟏

Possession %

(ℓ)
̅𝑘⋅22
𝐷

Goals Normal

̅ (𝓵)
𝑫
𝒌⋅𝟕

Shots Out Of Box

(ℓ)
̅𝑘⋅30
𝐷

Successful Aerial %

̅ (𝓵)
𝑫
𝒌⋅𝟏𝟏

Shots On Target

(ℓ)
̅𝑘⋅31
𝐷

Total Passes

3. Applications and Results
In this section, classification applications are
performed using ANN, KNN, LRA, NBC, RF and
SVM on the data obtained from the Champions League
tournaments between 2010 and 2018. The applications
are divided into two separate phases. In the first

application, data of eight seasons between 2010-2017
are used as training data, and 2018 season data are used
as test data. In the second application, methods are
tested with K-Fold Cross validity by using all data
between 2010-2018. In two applications, tests are
carried out both in the original form of the dataset and
in its reduced dimension.
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During the testing process, it benefited from the
WEKA software tools and the libraries of the R
programming language. Explorer and Knowledge
Flow tools from WEKA software are used. R
programming language libraries are used via RStudio,
a popular IDE.

3.1. Results of the application 1
120 of the elimination stage matches between 2010 and
2017 are used as training data, and 15 of them in 2018
are used as test data in Application 1. The results are
indicated separately based on the feature selection.

Table 4. Confusion matrix for Application 1
ANN

Without Feature Selection
With Feature Selection

1
7
0
5
2

KNN
2
3
5
1
7

1
4
1
6
2

LRA
2
3
4
1
6

The confusion matrices obtained in Application 1 are
shown in Table 4. There was no change in TP and TN
values after feature selection in ANN and NBC
methods. TP and TN values increased after feature
selection in KNN, LRA and SVM methods. In the RF
method, there is a decrease. When TN and TP values
are examined separately, there is a decrease in the TN

1
4
4
5
3

NBC
2
3
4
2
5

1
5
0
5
0

RF
2
2
8
2
8

1
5
1
5
2

2
2
7
2
6

value after the property selection in ANN, while an
increase is observed in the TP value, which
compensated this decrease. Since the increase in TP
value in SVM is more than the decrease in TN value,
there is an increase in total. In the KNN and LRA
methods, the amount of increase in TN and TP values
are equal.

Table 5. The model parameters for Application 1
Model

ANN

KNN

SVM
1
2
5
2
2
6
4
3
0
8

Parameter

Without Feature Selection

With Feature Selection

hidden layers

7,10,3

8.12.14

learning rate

0.3

0.1

momentum

0.2

0.2

k

1

4

iteration

100

100

seed

1

2

kernel

PUK Kernel

PUK Kernel

sigma,omega, c

1

1

RF

SVM

The parameters of the related models are changed
through the trial-and-error method during the
application process, and the outcome is observed in
terms of prediction accuracy. The most reliable
parameters are given in Table 5.
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Table 6. Performance measures of the classifiers for Application 1
Method

Class

TP Rate

FP Rate

Precision

F-Measure

MCC

1

1.000

0.375

0.700

0.824

0.661

2

0.625

0.000

1.000

0.769

0.661

1

0.571

0.125

0.800

0.667

0.472

2

0.875

0.429

0.700

0.778

0.472

1

0.571

0.500

0.500

0.533

0.071

2

0.500

0.429

0.571

0.533

0.071

1

0.714

0.000

1.000

0.833

0.756

2

1.000

0.286

0.800

0.889

0.756

1

0.714

0.125

0.833

0.769

0.600

2

0.875

0.286

0.778

0.824

0.600

1

0.714

0.250

0.714

0.714

0.464

2

0.750

0.286

0.750

0.714

0.464

ANN

1
2

1.000
0.625

0.375
0.000

0.700
1.000

0.824
0.769

KNN

1
2

0.857
0.750

0.250
0.143

0.750
0.857

LRA

1
2

0.714
0.625

0.375
0.286

NBC

1
2

0.714
1.000

RF

1
2

SVM

1
2

Without Feature Selection

ANN
KNN
LRA
NBC
RF

With Feature Selection

SVM

Kappa St.

Accuracy

0.6087

%80.00

0.4545

%73.33

0.0708

%53.33

0.7273

%86.66

0.5946

%80.00

0.4643

%73.33

0.661
0.661

0.6087

%80.00

0.800
0.800

0.607
0.607

0.6018

%80.00

0.625
0.714

0.667
0.667

0.339
0.339

0.3363

%66.66

0.000
0.286

1.000
0.800

0.833
0.889

0.756
0.756

0.7273

%86.66

0.714
0.750

0.250
0.286

0.714
0.750

0.714
0.750

0.464
0.464

0.4643

%73.33

0.571
1.000

0.000
0.429

1.000
0.727

0.727
0.842

0.645
0.645

0.5872

%80.00

Figure 2. Accuracy change after feature selection for Application 1

The performance measures obtained in Application-1
are shared in Table 6 and Fig 2. Before and after feature
selection, the most successful prediction rates are
reached by the NBC method with 86.66%. NBC is
followed by ANN and RF with 80% before feature
selection, followed by ANN, KNN and SVM with 80%

after feature selection. While the prediction success of
KNN and SVM increased after feature selection, the
successes of NBC and ANN decreased. Although LRA
has increased its success from 53.33% to 66.66% after
feature selection, it is the most unsuccessful prediction
method of Application-1.
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Without Feature Selection

With Feature Selection

Figure 3. The roc curve graphs for Application 1
Table 7. Area under the curve (AUC) and confidence intervals for Application 1
Without Feature Selection

With Feature Selection

Method
AUC

SE a

95% CI b

AUC

SE a

95% CI b

ANN

0.813

0.0915

(0.533, 0.962)

0.795

0.111

(0.513, 0.954)

KNN

0.723

0.119

(0.439, 0.916)

0.804

0.109

(0.523, 0.958)

LRA

0.536

0.138

(0.268, 0.789)

0.670

0.130

(0.387, 0.884)

NBC

0.857

0.0922

(0.584, 0.980)

0.857

0.0922

(0.584, 0.980)

RF

0.795

0.111

(0.513, 0.954)

0.732

0.123

(0.448, 0.921)

SVM

0.732

0.123

(0.448, 0.921)

0.786

0.101

(0.504, 0.950)

a[54]

b

Binomial exact

The ROC curves resulting in Application - 1 are shown
in Fig 3. The values for the areas under the ROC curves
are given in Table 7. The most successful method
before and after feature selection is NBC (AUC =

0.857). The second most successful method before
feature selection is ANN (AUC = 0.813). After feature
selection, the second most successful method is KNN
(AUC = 0.804).
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Table 8. Predictions for Application 1

Bayern Munich
Besiktas

Roma
Shakhtar Donetsk

Manchester Unt.
Sevilla

Juventus
Tottenham

FC Basel 1893
Manchester City

Paris St-Germain
Real Madrid

FC Porto
Liverpool

Barcelona
Chelsea

Juventus
Real Madrid

Bayern Munich
Sevilla

Liverpool
Manchester City

Barcelona
Roma

Bayern Munich
Real Madrid

Liverpool
Roma

Liverpool
Real Madrid

With Feature
Selection

Without Feature
Selection

Actual Result

ANN

1
1

1
1

2
1

1
1

2
2

2
2

2
2

1
1

2
2

1
1

1
1

2
1

2
2

1
1

2
1

KNN

1

2

2

2

2

2

2

1

2

2

1

1

2

1

2

LRA

2

1

1

2

2

1

1

1

2

2

1

2

2

1

1

NBC

1

1

2

2

2

2

2

2

2

1

1

2

2

1

2

RF

1

1

2

2

2

2

2

2

2

1

1

2

2

1

1

SVM

1

1

2

2

2

1

2

2

2

1

1

2

2

1

1

ANN

1

1

2

2

2

2

2

2

2

1

1

1

2

1

2

KNN

1

1

2

2

2

1

2

1

2

1

1

2

2

1

1

LRA

1

1

1

2

2

1

2

2

2

1

1

2

2

1

1

NBC

1

1

2

2

2

2

2

2

2

1

1

2

2

1

2

RF

1

1

1

2

2

2

2

2

2

1

1

2

2

1

1

SVM

1

1

2

2

2

2

2

2

2

1

2

2

2

1

2

Correct Prediction

Incorrect Prediction

Table 8 contains the estimates of the methods used for
15 test matches and the comparison of actual results.
The prediction results obtained before and after feature
selection are presented separately. Table 8 contains
remarkable details. While all methods before and after
feature selection failed in the match between Juventus
and Tottenham, ANN successfully predicted this
matching result. While all methods successfully
predicted the match between Bayern Munich and
Besiktaş before and after feature selection, LRA failed
before feature selection. In the match between Roma
and Shakhtar Donetsk, all methods before and after

feature selection made a successful prediction but
failed before KNN feature selection.
3.2. Results of the application 2
In Application 2, the tests are carried out with the Kfold cross-validation method. K value is taken as 9 to
represent the number of seasons. 135 qualifying
matches between 2010 and 2018 are divided into 9
parts, 120 of which are used as training and the
remaining 15 as test data. By taking the average of the
performance criteria obtained in 9 tests performed in
this way, the values obtained in Application-2 are
calculated.
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Table 9. Confusion matrix for Application 2
ANN

Without Feature Selection

With Feature Selection

KNN

LRA

NBC

RF

SVM

1

1

1

2

1

2

1

2

1

2

1

2

44

21

41

24

43

22

45

20

40

25

39

26

27

43

18

52

31

39

25

45

21

49

16

54

40

25

48

17

41

24

50

15

46

19

42

23

19

51

22

48

25

45

24

46

15

55

18

52

The confusion matrix obtained for Application 2 is
given in Table 9. From Table 9, it can be concluded
that NBC reaches the highest TN value before applying
feature selection while SVM reaches the highest TP.

Similarly, as in this case, NBC achieves the highest TN
value while it is SVM for TN after applying the
selection.

Table 10. The model parameters for Application 2
Model

ANN

KNN

Parameter

Without Feature Selection

With Feature Selection

hidden layers

7,2,4

8,2,7

learning rate

0.3

0.3

momentum

0.2

0.2

k

39

45

iteration

500

1000

seed

100

100

kernel

PUK Kernel

PUK Kernel

sigma,omega, c

1

1

RF

SVM

Model parameters used for Application 2 are given in Table 10.
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Table 11. Performance measures of the classifiers for Application 2
Method

Class

TP Rate

FP Rate

Precision

F-Measure

MCC

1

0.677

0.386

0.620

0.647

0.291

2

0.614

0.323

0.672

0.642

0.291

1

0.631

0.257

0.695

0.661

0.376

2

0.743

0.369

0.684

0.712

0.376

1

0.662

0.443

0.581

0.619

0.220

2

0.557

0.338

0.639

0.595

0.220

1

0.692

0.357

0.643

0.667

0.335

2

0.643

0.308

0.692

0.667

0.335

1

0.615

0.300

0.656

0.635

0.317

2

0.700

0.385

0.662

0.681

0.317

1

0.600

0.229

0.709

0.650

0.378

2

0.771

0.400

0.675

0.720

0.378

1

0.615

0.271

0.678

0.645

0.346

2

0.729

0.385

0.671

0.699

0.346

1

0.738

0.314

0.686

0.711

0.424

2

0.686

0.262

0.738

0.711

0.424

1

0.631

0.357

0.621

0.626

0.274

2

0.643

0.369

0.652

0.647

0.274

1

0.769

0.343

0.676

0.719

0.428

2

0.657

0.231

0.754

0.702

0.428

1

0.708

0.214

0.754

0.730

0.495

2

0.786

0.292

0.743

0.764

0.495

1

0.646

0.257

0.700

0.672

0.391

2

0.743

0.354

0.693

0.717

0.391

ANN

Without Feature Selection

KNN

LRA

NBC

RF

SVM

ANN

With Feature Selection

KNN

LRA

NBC

RF

SVM

Kappa St.

Accuracy

0.2903

%64.44

0.3749

%68.89

0.2176

%60.74

0.3342

%66.66

0.3161

%65.93

0.3735

%68.89

0.3451

%67.40

0.4230

%71.11

0.2735

%63.70

0.4243

%71.11

0.4945

%74.81

0.3901

%69.63

Figure 4. Accuracy change after feature selection for Application 2

The highest accuracy rate is 68.89% with KNN and
SVM before applying feature selection, according to
Table 11 and Fig 4, demonstrating the performance

measures for Application 2. RF is the most effective
method, with 74.81%, while KNN and NBC reach
71.11%.
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Without Feature Selection

With Feature Selection

Figure 5. The roc curve graphs for Application 2
Table 12. Area under the curve (AUC) and confidence intervals for Application 2
Without Feature Selection

With Feature Selection

Method
AUC

SE a

95% CI b

AUC

SE a

95% CI b

ANN

0.624

0.0419

0.536, 0.705

KNN

0.680

0.0403

0.594, 0.757

0.643
0.690

0.0415
0.0400

0.556, 0.723
0.605, 0.767

LRA

0.609

0.0421

0.522, 0.692

0.637

0.0417

0.550, 0.718

NBC

0.668

0.0408

0.581, 0.746

0.713

0.0389

0.629, 0.788

RF

0.696

0.0399

0.611, 0.772

0.695

0.0399

0.610, 0.771

SVM

0.686

0.0397

0.600, 0.763

0.695

0.0398

0.609, 0.771

a[54]

b

Binomial exact

The ROC curves obtained in Application 2 are given in
Fig 5, and AUC values and accuracy ratio are given in
Table 12. From Figure 5 and Table 12 are examined, it
can be seen that RF reaches the highest AUC value
before applying feature selection while it is NBC
afterward.

4. Discussion and Future Studies
For many years, football is interpreted through
numerical values that contain various information
about teams and players. The use of statistical data so
much causes an increase in the number of scientific
researches based on data in football. One of the
frequently studied topics in these scientific studies is
the prediction of match results. Our study is an
example of these studies. The match results are
predicted using six different machine learning
algorithms. These methods are Artificial Neural

Network, K-Nearest Neighbors, Logistic Regression
Analysis, Naive Bayes Classifier, Random Forest and
Support Vector Machine. The study dataset’s scope is
the matches played in the UEFA Champions League
between 2010-2018. With the information obtained
from these matches, a dataset containing forty features
is obtained. Two different applications are carried out
to test the performance of the created models. In the
first application, the last season matches are used as
test data and the rest as training data. In the second
application, each season's matches are separated, and
tests are carried out with the K-Fold Cross-validation
method. In both applications, the tests are repeated by
performing dimension reduction on the dataset. The
comparison of the results achieved is shown in Table
13.
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Table 13. Success average of the methods
Application 1

Application 2

FS-*

FS+*

Change

FS-*

FS+*

Change

ANN

80

80

0

64.44

67.4

2.96

KNN

73.33

80

6.67

68.89

71.11

2.22

LRA

53.33

66.66

13.33

60.74

63.7

2.96

NBC

86.66

86.66

0

66.66

71.11

4.45

RF

80

73.33

-6.67

65.93

74.81

8.88

SVM

73.33

80

6.67

68.89

69.63

0.74

FS-: Without Feature Selection, FS+: With Feature Selection

The most successful method for each form of the
dataset is NBC (86.66%) in the first application. Then
ANN and KNN are the most successful methods
(80%). In the second application, KNN and SVM are
the most successful methods for the first form of the
dataset (68.89%). RF is the most successful method for
dimension reduced dataset (74.81%). It is the method
in which the lowest success rates are obtained in
logistic regression tests. The dimension reduction
process performed on the dataset is increased the
prediction successes.
In order to increase the prediction successes obtained
in the study, enrichment can be performed both in the
study dataset and in the methods used. Although
football is defined as a sport branch that can be
explained by statistics, there are also variables that
affect the match results but are not taken into account.
Variables such as injuries, suspensions, the player and
technical staff’s motivation, climatic conditions,
instant developments, and transfers that are ignored in
most scientific studies can also directly affect the
match results. There are also variables that do not
directly affect the match results but can be useful in the
prediction process. For example, fan opinions, social
media posts, bet odds, football news, expert opinions.
For these reasons, instead of using a dataset consisting
of only the performances of the teams and players, a
large dataset can be used, which also includes variables
such as injuries, suspensions, fan opinions, bet odds. In
addition to enriching the dataset content, the number of
methods used can also be increased. Hybrid classifiers
can also be used in addition to new classification
methods.
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In this study, mass detection from breast ultrasonography images was realized using deep
neural networks. Dataset is a collection of publicly available ultrasonography images which
were classified by their biopsy results. A total of 153 breast ultrasonography images that
contain 89 malign and 64 benign tumours were used. Image augmentation and deep neural
network software was developed using Python 3,5 environment on Visual Studio Community
2017 IDE. A hybrid method including Keras ImageDataGenerator Class and image
preprocessing techniques was introduced. Twenty images from both classes were randomly
split from the dataset for testing after the network was designed. The network had a success
rate of 100% at an epoch value of 70. The result of this study was compared with the result of
another study that implemented type-2 fuzzy inference system with a success rate of 99,34%.
As a conclusion, it can be expressed that the deep neural networks are more successful than
fuzzy inference systems in tumour detection from breast ultrasonography images. Therefore,
it can be more convenient to use deep neural network technology in computer aided detection
systems for mass detection from breast ultrasonography images.
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1. Introduction
Cancer is defined as the abnormal growth and
reproduction of body cells. It is able to spread across
different tissues and harm the surrounding ones. Breast
cancer is one of the most common cancers among
women and frequency of occurrence increases globally
according to the statistics. Every year, more than 8
million people are diagnosed as cancer [1].
Ultrasonography (US) is a medical imaging method
used by experts for characterization and detection of
breast lesions and evaluation of breast cancer [2].
Additionally, because of the disadvantages of
ultrasonography images such as low resolution, low
contrast and spot disturbances, it is difficult to detect
regions with cancer and this situation increases the
dependency on the expert and causes a difference over
90% in diagnosis sensitivity among various medical
institutions [3]. Computer-Aided Diagnostic (CAD)
tools with features such as digital image processing and
artificial intelligence both decrease the dependency to
the experts and increase the diagnosis accuracy [4].
Fuzzy inference systems and deep neural networks can
be used for the design of one of the fundamental

Keywords:
Breast cancer,
Ultrasonography,
CAD, Deep neural
networks.

components of CAD systems, namely classifier. The
base of the fuzzy inference systems is constructed of
the rules provided by the domain experts or extracted
from numerical data [5]. Using rules, membership
functions and fuzzy logic to make an inference from
input data and map them to outputs is called fuzzy
inference [6].
In this study, deep neural network architecture is used
in a feedforward structure. This structure consists of an
input layer, multiple hidden layers and an output layer.
Except for the output layer, each layer in the network
is connected to the next layer. This type of connection
has two main features called weight average feature
and activation feature [7]. Deep neural networks are a
special type of networks with multiple layers and
neurons. In the last decade, a type of deep neural
networks called convolutional neural networks that
automatically extract features have been widely used
in computer vision. Deep learning techniques were
also applied to the medical imaging analyses such as
diagnosis of otitis media and breast lesions [8].
In this study, classification of regions with cancer
using deep neural networks on breast ultrasonography
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http://dergipark.gov.tr/csj ©2020 Faculty of Science, Sivas Cumhuriyet University

Uzunhisarcıklı et al. / Cumhuriyet Sci. J., 41(4) (2020) 968-975

images was implemented and the obtained results were
compared with the results of a previous study that used
fuzzy inference.

2. Fuzzy Inference Systems
Unlike classical set theory, fuzzy set theory deals with
the uncertainty of the information. This theory was
introduced by Zadeh in 1965. In classical set theory,
the membership of an element to a set is certain (0 or
1) while the membership of an element in fuzzy set
theory is defined with a membership function. Thus,
crisp input values are transformed into non-crisp
values between 0-1 using membership functions.
Triangle, trapezoidal and Gaussian membership
functions are the typical fuzzifiers used in this
approach [9]. Fuzzy inference builds a mechanism that
matches the fuzzy values of input parameters to the
outputs using if-then rules. The fuzzy rules are

extracted either from the dataset using statistical
analysis tools or from the verbal expressions of a
domain expert [10]. After type-2 fuzzy set theory was
introduced by Zadeh in 1975, the first theory was
entitled as type-1. Type-2 fuzzy inference system,
which has a similar rule structure with type-1, has
taken its actual form with Mendel’s studies. Here, the
structure of the membership functions differs from the
previous version. The fuzzy sets of type-1 are
expressed with more than one fuzzy sets that take
values between 0 and 1, and they are called with the
footprint of uncertainty. The block diagram of a Type2 fuzzy inference system is given in Figure 1 [11].
This model consists of three steps: fuzzification, ifthen rules and defuzzification. In the fuzzification step,
the input values are mapped to the corresponding
membership values using the triangular, Gaussian and
trapezoidal membership functions [12].

The general if-then rule of Mamdani algorithm is given in Equation 1 [13].
𝑅𝑅𝑖𝑖 : 𝑖𝑖𝑖𝑖 𝑥𝑥𝑖𝑖 𝑖𝑖𝑖𝑖 𝐴𝐴𝑖𝑖1 𝑎𝑎𝑎𝑎𝑎𝑎 … 𝑡𝑡ℎ𝑒𝑒𝑒𝑒 𝑦𝑦 𝑖𝑖𝑖𝑖 𝐵𝐵𝑖𝑖 (𝑓𝑓𝑓𝑓𝑓𝑓 𝑖𝑖 = 1,2,3, … , 𝑘𝑘)

(1)

∝𝑖𝑖 = 𝜇𝜇𝐴𝐴𝐴𝐴1 (𝑋𝑋1 ) ∧ 𝜇𝜇𝐴𝐴𝐴𝐴2 (𝑋𝑋2 ) ∧ … ∧ 𝜇𝜇𝐴𝐴𝐴𝐴𝐴𝐴 (𝑋𝑋𝑛𝑛 )

(2)

𝜇𝜇𝐵𝐵𝐵𝐵 (𝑦𝑦) = 𝛼𝛼𝑖𝑖 ∧ 𝜇𝜇𝐵𝐵𝐵𝐵 (𝑦𝑦)

(3)

Where k is the numbers of rules, xi is the input variable and y is the output variable. The first step is to calculate
the degree of completion for each rule, using the membership degrees. It is given in Equation 2

As given in Equation 3, the fuzzy output set Bi is derived for each rule using the t-norm.

As given in Equation 4, output fuzzy sets are aggregated using the maximum.
𝜇𝜇𝐵𝐵 = 𝑚𝑚𝑚𝑚𝑚𝑚 �𝜇𝜇𝐵𝐵𝐵𝐵 (𝑦𝑦)�,

(4)

𝑖𝑖 = 1, 2, … , 𝑘𝑘

As given in Equation 5, output fuzzy set is converted to the crisp value via defuzzification.
(5)

𝑦𝑦 = ∫ 𝐵𝐵(𝑦𝑦)𝑦𝑦𝑦𝑦𝑦𝑦 / ∫ 𝐵𝐵(𝑦𝑦)𝑑𝑑𝑑𝑑
Crisp
Input x

Fuzzifier

Fuzzy Input

Rules

Defuzzifier

Inference

Type Reducer
Fuzzy Output

Figure 1. Type-2 fuzzy inference system.
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3. Deep Artificial Neural Networks
Deep learning is a special subdomain of machine
learning. The first learning algorithm was introduced
by Ivakhnenko and Lapa in 1965. The first study that
can be considered as the basis of learning architecture
was introduced by Fukushma in 1980 [14-16]. The
deepness of deep learning expresses the number of
hidden layers in classical neural networks. The number
of layers that contribute to the data model is called the
deepness of the model. Modern deep learning uses tens
or even hundreds of consecutive layers. The learning
process is realized via models called neural networks
that were structured in real layers and stacked over
themselves [17]. Deep neural networks directly extract
the features for classification and detection purposes
from the data. This approach is the advantage of deep
ℎ 𝑘𝑘 = 𝜑𝜑(𝑊𝑊 𝑘𝑘 ℎ 𝑘𝑘−1 + 𝑏𝑏𝑘𝑘 )
𝑦𝑦� = 𝑊𝑊 𝑙𝑙 ℎ𝑙𝑙−1 + 𝑏𝑏𝑙𝑙
Input

Hidden 1

neural networks over other machine learning methods
[18]. Deep neural networks consist of three layers
called input layer, hidden layer and output layer.
Hidden layers implement a non-linear operation by
using the output of the previous layer. The
mathematical equation of the non-linear operation is
given by Equation 6. Here Wk is the weight matrix of
all synaptic connections among each neuron of layer k1 and layer k; bk is the deviation vector in layer k; hk-1
is the output of the previous layer and φ (…) is the
activation function that represents the nonlinear
relationship between layers. Deep neural networks
normally use logistic functions φ(u)=(1+eu) inside their
neurons
and
hyperbolic
tangent
functions
(φ(u)=tanh(u)) as activation functions. Output layer is
generally used for prediction and its mathematical
expression is given in Equation 7 [19].
(6)
(7)
Output

Hidden 2

X1

N1

N1

Y1

X2

N2

N2

Y2

Xm

Nm1

Nm2

Figure 2. Deep neural network structure.

Basic components in the structure of deep neural networks are:
Weight Averaging: Amounts to average the previous layer with some weight matrix to obtain the next layer.
The weight averaging procedure is as given in Equation 8 [7].
(𝑡𝑡)(𝑣𝑣)
𝑎𝑎𝑓𝑓

𝐹𝐹𝑣𝑣 −1+∈

(𝑣𝑣)𝑓𝑓 (𝑡𝑡)(𝑣𝑣)
= � Θ𝑓𝑓′ ℎ𝑓𝑓′

(8)

𝑓𝑓 ′ =0

where 𝑣𝑣 𝜖𝜖 [0, 𝑁𝑁 − 1], 𝑡𝑡 𝜖𝜖 [0, 𝑇𝑇𝑚𝑚𝑚𝑚 − 1] and 𝑓𝑓 𝜖𝜖 [0, 𝐹𝐹𝑣𝑣+1 − 1]. The 𝜖𝜖 is here to include or exclude a bias term.

Activation Function: The hidden neuron of each layer is shown in Equation 9.
(𝑡𝑡)(𝑣𝑣+1)

ℎ𝑓𝑓

(𝑡𝑡)(𝑣𝑣)

= 𝑔𝑔(𝑎𝑎𝑓𝑓

(9)

)

where 𝑣𝑣 𝜖𝜖 [0, 𝑁𝑁 − 2], 𝑓𝑓 𝜖𝜖 [0, 𝐹𝐹𝑣𝑣+1 − 1] and as usual 𝑡𝑡 𝜖𝜖 [0, 𝑇𝑇𝑚𝑚𝑚𝑚 − 1]. Here g is an activation function whose
non-linearity allow to predict arbitrary output data.
The ReLU Function: The ReLU (Rectified Linear Unit) function takes its value in [0, +∞]
is shown in Equation 10.
𝑥𝑥 𝑥𝑥 ≥ 0
𝑔𝑔(𝑥𝑥) = 𝑅𝑅𝑅𝑅𝑅𝑅𝑅𝑅(𝑥𝑥) = �
0 𝑥𝑥 < 0

(10)
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TensorFlow-Keras
TensorFlow is a powerful open source software library
for computation and it’s very appropriate for large
scale machine learning. Its basic principle is as
follows: a simple computation graph as shown in
Figure 3 is first defined in Python, then this graph is
imported by TensorFlow and runs efficiently using an
optimized C++ code. TensorFlow is able to train a
network with millions of parameters in a billion size
dataset with millions of features. TensorFlow is
developed by Google and therefore empowers most of

+

f(x,y)=x2y+y+2

+

X
X

the large-scale Google services such as Google Cloud
Speech, Google Photos and Google Search. Many
independent API were developed on TensorFlow such
as Keras and Pretty Tensor [20]. Keras is an open
source artificial neural network library developed in
Python programming language. Keras requires a
backend engine and can use TensorFlow, CNTK
(Microsoft Cognitive Toolkit), Theano or MXNet.
Using TensorFlow directly for developing is difficult
because it runs in a relatively abstract level. Keras adds
an easy to use abstraction level on TensorFlow [21].

Operation

y

2

Variable

Constant

x
Figure 3. A simple computation graph.

4. Materials and Methods
In this study, a total of 153 breast ultrasonography
images that contain 89 malign and 64 benign tumours
were used. Image augmentation and deep artificial
neural network software was developed using Python
3,5 environment on Visual Studio Community 2017
IDE. Dataset is a collection of publicly available

Figure 4. Malign tumour training image sample.

ultrasonography images that were classified by their
biopsy results [22].
Medical image samples for each class in training set
are shown in Figure 4 and Figure 5 and medical image
samples for each class in test set are shown in Figure 6
and Figure 7. Screenshot of the software developed in
this study is shown in Figure 8.

Figure 5. Benign tumour training image sample.
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Figure 6. Malign tumour test image sample.

Figure 7. Benign tumour test image sample.

Figure 8. Software screenshot.

4.1 Data augmentation
Synthetic data generation is a technique that takes part
in literature and is used in deep learning studies when
the size of the dataset is limited. Rotation of the
medical images in specific angles, shifting of the image
in height and width in specific scales, inversion of the
image vertically or horizontally and filtering the image
are the examples of synthetic data generation. Sajjad

et. al. used this technique in their study to generate 30
synthetic images from each of the 121 MR images with
8 different methods and at least 4 parameters [23, 24].
In this study, we implemented a hybrid method that
consists of Keras ImageDataGenerator Class and
image preprocessing techniques. Data augmentation
techniques that were used are given in Table 1 together
with the parameters.

Table 1. Data Augmentation Methods.
No
1
2
3

Technique
Shear_range
Zoom_range
Brightness_range

4
5
6
7

Gauss filter (sigma)
Unsharp filter (factor)
Flip
Rotate

Parameter
0.1, 0.2, 0.3, 0.4
-0.1 ,0.1,-0.2,0.2
0.5-1.5,0.4-1.4,0.31.3,0.2-1.2
0.25,0.5,1,2
0.25,0.5,1.5,2
Right-left
-45,45,-90,90
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4.2 Design and training of deep artificial neural
networks
The learning algorithm where the input data are
associated with the output labels is called supervised
learning [25]. In this study, the implemented deep
artificial neural network uses supervised learning. The
input data consist of ultrasonography images while the
output labels are “1” and “0” for malign and benign
tumours respectively.
The deep artificial neural network is Sequential which
is one of the two models of Keras. The input layer has
128 outputs and the activation function is sigmoid. The
hidden layer has 16 outputs and uses the sigmoid
activation function. The last layer has 2 outputs
corresponding to 2 classes and uses softmax activation

function. After the network was designed, 20 images
from both classes were randomly split for testing. The
network was trained with an initial epoch value of 30
and it was tested iteratively.
The performance of the network was calculated using
accuracy. The mathematical equation of the accuracy
is given in Equation 11 [26].
Accuracy = TP+TN/TP+TN+FP+FN

(11)

Here, TP: Mass predicted as mass, FN: Mass predicted
as not mass, FP: Not mass predicted as mass, TN: Not
mass predicted as not mass [5]. The performance of the
network is 100% at an epoch value of 70. The
screenshot of the result is shown in Figure 9.

Figure 9. Screenshot of the result.

5. Results and Discussion
Today, artificial intelligence technologies help
physicians diagnose disease. These technologies
include different classification structures and are called
computer-aided diagnosis (CAD) systems. These
classifier structures can be based on fuzzy logic and
deep neural networks. The success of CAD systems in
detection can directly affect the physician's decision
about the patient. Therefore, the success of the
physician in diagnosis is directly related to the
performance of the CAD system used. A CAD system
that provides superior classification performance will
positively affect the success of physicians in making
the correct diagnosis about the patient.
In this study, two different classifier structures were
compared to detect cancerous mass from ultrasound
images of female patients. In the classifier named as
Type 2 fuzzy inference system, the classifier input

consists of input attribute values. In this method,
feature determination and rule creation are based on the
knowledge and experience of a specialist physician. In
the classifier using deep neural networks, only
ultrasound images form the entrance to the system. In
this method, attribute determination is not required, the
deep neural network structure performs this process
automatically.
In a previous study, Miranda and Felipe achieved
76,76% classification success by using fuzzy logic in
detecting breast cancer using ultrasound imaging. [27].
In another study conducted before, Zhang et al.
achieved 93,4% classification success using deep
learning [28]. Han et al. achieved 91,23%
classification success using deep neural networks [29].
Byra et al. achieved 88.7% classification accuracy with
the VGG19 deep neural network [30]. Yap et al.
achieved 98% success in their deep learning study [31].
In deep neural networks study of Mohammed et al.
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82,04% success was demonstrated [32]. Keleş et al.
achieved 97% success in their study using neural fuzzy
[33]. Huang et al. achieved 96,81% success in their
study with the optimized fuzzy approach [34]. The
success rate of Uzunhisarcıklı and Göreke’s study
where they used type-2 fuzzy inference system for the
detection of malign and benign tumours was 99,34%
[35]. The success rate of this study with the same
dataset using deep artificial neural network is 100%.
As a result, a superior result was obtained in this study
compared to the current literature studies.

6. Conclusion
In this study, the classification process was carried out
with deep neural networks using image data. Data set
size is important in systems where deep neural
networks are used. Increasing the size of the data set
eliminates the problem of memorization, which is a
problem for the system, and also increases the
performance. In this study, filter applications designed
to work with a standard data enhancement function of
Keras library are applied in a hybrid way. By using the
deep neural network trained with this hybrid method, a
better classification performance has been obtained
compared to other studies in the literature.
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Abstract
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In this study, the glass system of (55-x)SiO2-20B2O3-10Na2O-4MgO-8CaO-3Al2O3-xZnO
where x: 0, 5, 10, 15, 20 and 25 wt% were investigated by using WinXCom database. Radiation
shielding characteristics of linear attenuation coefficient (LAC), mass attenuation coefficient
(MAC), half-value layer (HVL) and mean free path (MFP) parameters of 6 different glass
systems were calculated in the photon energy range of 0.015-10 MeV. A comparison for HVL
values between heavyweight concrete materials & commercial glasses and our findings was
also carried out. Furthermore, some important glass property estimations and viscositytemperature curve predictions were performed with the use of BatchMaker software. According
to the WinXCom calculations, it was found out that LAC and MAC values increased while HVL
and MFP values decreased with the increasing ZnO content. Particularly, 25 wt% of ZnO
(sample-5) addition ensured to obtain by far the best radiation shielding characteristics at higher
photon energies. As a result of the comparison, it was strikingly seen that our glass samples
have promising results when compared with heavyweight concrete materials and commercial
products. Interestingly, sample-5 can compete even with RS 323 G18 (33 wt% PbO content) in
higher photon energies despite its low-density value. Moreover, it was determined that our glass
systems were found to have glass formation ability with satisfactory glass properties according
to BatchMaker estimate calculations.
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1.

Introduction

With the developing technology, countless devices
with high energy sources have extensively been
utilized in medical diagnostics centers, research
institutes, non-destructive testing or even in nuclear
power plants [1-5]. These devices emit radiation like
X-rays or gamma rays through onsite and environment
during operation. If such rays are not properly
controlled or eliminated, many health problems, for
example, radiation sickness or tissue cancer, may occur
concerning related rays’ dose, intensity, and duration
parameters [6], [7] In this way, the use of shielding
material is put in place to prevent possible health
problems. The prominent shielding material as lead
metal stands out due to its high-density (11.34 g/cm3)
against high ionizing radiation energies [8]. However,
a search for alternative materials has been continued
since the toxicity of lead metal is proved many times,
both in environmental and health aspects [9-12] Due to
toxicity issues, heavy-weight concrete materials have
frequently found use to obtain relatively high-density
values and non-toxic substances [13-15]. The interior

Keywords:
Borosilicate glass,
Radiation shielding,
WinXCom,
Zinc oxide.

walls of medical curing rooms or the surrounding of
devices are well-designed via concrete materials for
shielding emitting rays. Nevertheless, the application
of heavy-weight concrete materials has also been
limited due to the risk of cracking during or after
hydration processes and operational difficulties onsite
[16-18]. Above all, both lead metal and heavy-weight
concrete material provide an opaque appearance which
means not able to operate under conditions where the
transparency is essential (e.g. medical therapy room
glass). Therefore, an alternative material having
radiation shielding ability as well as transparency
appearance has become of interest.
Glasses are outstanding materials that have an
amorphous structure [19]. Thanks to its transparency
in visible light, compositional flexibility, and
environmental friendliness, glass materials have
attracted a lot of attention as a radiation shielding
material, especially in the past two decades. For this
purpose, radiation shielding glass has been researched
both theoretically and experimentally by many
researchers [20-24]. In the early stages of the studies,
researchers focused on the production of lead oxide
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http://dergipark.gov.tr/csj ©2020 Faculty of Science, Sivas Cumhuriyet University

Kurtuluş, Kavas / Cumhuriyet Sci. J., 41(4) (2020) 976-986

(PbO) based glass materials. Yet again, due to the
toxicitiy of lead other high-density-oxides like barium
oxide (BaO), bismuth oxide (Bi2O3), zinc oxide (ZnO)
or the same have been emphasized in the upcoming
years as well as nowadays [25-29].
Glass materials can be produced as soda-lime, potash,
borate, etc. owing to compositional flexibility. Among
other glass systems, borosilicate glasses have an
important place [30]. Borosilicate glasses one of these
types of glasses and known as available in fabrication
at relatively low temperatures, being high thermal
shock resistance, having low thermal expansion
coefficient and so on [31,32]. Recently, borosilicate
glasses have extensively been emphasized because
boron oxide (B2O3) is very effective on neutron
absorption as well as in radiation shielding. With this
in mind, radiation shielding characteristics can be
improved by adding different high-density-oxides such
as Bi2O3, Gd2O3, BaO or ZnO into the borosilicate
glass system. ZnO, which is one of these additives, can
be preferred because it has low cost and is not harmful
to the environment and health. Besides, it can take
roles of a network former or a modifier in the glass
system while providing a high refractive index [33].
In literature, studies generally focused on borate,
silicate, phosphate and tellurite glasses [34-38].
Several researches were reviewed to explore the
shielding characteristics of glass systems. Issa et al. [3]
examined zinc tellurite glasses in detail. The change of
gamma attenuation by increasing ZnO content was
conducted theoretically via WinXCom software and
experimentally by different radiation sources. It was
concluded that 40 mol.% of the ZnO addition provided
the highest MAC and the lowest HVL value. Besides,
WinXCom calculations were found to be in good
agreement with the experimental measurements. In
another, study, Colak et al. [33] studied zinc borate
glasses. By making ZnO contribution to the system as
0, 5, 10 and 15 in wt.% the dual roles of ZnO as
network former and modifier were emphasized. It was
found that with the increasing ZnO addition, the
refractive index, as well as the number of non-bridging
oxygen, increased while its role of network former was
determined by 5 wt.%. Sayyed et al [39] carried out
theoretical (WinXCom) calculations of different heavy
metal oxide (WO3, Bi2O3, ZnO, etc.) additions in
PbCl2-TeO2 glass system in the energy range of 0.015
- 15 MeV. They showed that the Z10P20T70 sample
containing 10 mol% of ZnO is quite satisfactory
compared to some heavy-weight concrete materials
and radiation shielding glasses in terms of MAC and
HVL values. Likewise, Askin et al. [24] explored
gamma ray shielding behavior of the TeO2-MoO3-ZnO
glass system by theoretically via WinXCom and

Geant4 simulation code. The findings of their study
showed that lower TeO2 amounts diminished radiation
shielding effectiveness of glass systems. After all,
although a vast number of studies have been conducted
to increase radiation shielding characteristics till now
there is still a need for searching alternative glass
systems to shield harmful ionizing rays.
In general, theoretical studies carried out by
researchers do not provide any information about glass
properties. In other words, it is not even mentioned
whether the glass system put forward in theoretical
studies has glass formation ability or not. In this
context, it was considered essential to reveal
information about the glass properties of this study. A
software called BatchMaker® developed by ILIS
company ensures reliable prediction of important glass
properties and easy drawing of viscosity vs
temperature curves [40]. Thus, the functionality of the
glass system in the present study will adequately be
demonstrated.
In the present study, the glass system of (55-x)SiO220B2O3-10Na2O-4MgO-8CaO-3Al2O3-xZnO where x:
0, 5, 10, 15, 20 and 25 wt % were investigated via the
WinXCom program. Linear attenuation coefficient
(LAC), mass attenuation coefficient (MAC), half-value
layer (HVL) and mean free path (MFP) were calculated
in 0.015 - 10 MeV photon energy range. Further, some
important glass property estimations and viscositytemperature curve predictions were performed with the
BatchMaker software. Details of the studies will be
presented in the below sections, accordingly.

2. Materials and Methods
To carry out theoretical calculations, the borosilicate
glass design step was initially done. The glass system
given in the present study is different from the
traditional borosilicate glasses and the percentages of
each constituent were originally comprised as listed in
Table 1. Along with the increasing ZnO contribution,
the decreasing SiO2 content occurred.
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Table 1. Glass system compositions of the present study in wt%.
Sample Code

Na2O

SiO2

B2O3

CaO

ZnO

MgO

Al2O3

0
1
2
3
4
5

10
10
10
10
10
10

55
50
45
40
35
30

20
20
20
20
20
20

8
8
8
8
8
8

0
5
10
15
20
25

4
4
4
4
4
4

3
3
3
3
3
3

After completing the glass design, the calculation step
was initiated via the WinXCom program. Within the
scope of the WinXCom database, MAC can be
calculated between 0.001 MeV and 100 GeV. The
WinXCom presented by Berger and Hubbel and later
developed by Gerward is very beneficial in
determining the radiation shielding characteristics of
elements, compounds, and mixtures [40].
Beer-Lambert law (Eq. 1) is employed for the
calculation of LAC. Eq. 1 is defined as
I = I0 . e-µt

(1)

where I and I0 are the transmitted and initial intensities,
respectively while µ is linear attenuation coefficient of
specimen and t is thickness of sample.
The Beer-Lambert equation provides an estimate of the
LAC. However, since the material density is a
significant factor on the attenuation characteristics,
MAC calculation is also required. Here, MAC can be
calculated with the aid of Eq. 2
𝜇𝑚 =

𝜇

(2)

𝜌

Density
(g/cm3)
2.498
2.595
2.698
2.806
2.921
3.043

After calculating the radiation shielding parameters,
BatchMaker software was applied to draw the
viscosity-temperature curves and to calculate some
important glass properties. It can be seen screenshots of
software to know more about its principle in Figure 1
and Figure 2. Administration of any number of
chemical components, raw materials, foreign cullet, and
factory cullet or definition of target value, tolerance,
saturation and evaporation for each chemical
component can be inserted in software [41]. The issue
of estimating the glass formation ability and calculating
the properties has attracted a lot of attention after the
pioneering research was conducted by Fluegel et al.
[42,43] which created the groundbreaking statistical
modeling in theoretical calculations. Thanks to the
BatchMaker software program by ILIS company, the
statistical studies were compiled and programmed. Raw
material and batch calculations, glass redox calculation,
glass properties, viscosity-temperature curve, etc.
estimation calculations can easily be carried out. From
this point of view, properties of our glass systems were
presented.

where µm is the mass attenuation coefficient while µ
represents linear attenuation coefficient and ρ typfies
density of specimen.
In radiation shielding material exposed to radiation
energy, the distance at which 50% of the incoming
energy is attenuated is defined as the half-value layer
(HVL). Based on this, the Eq. 3 shows the relation as

𝐻𝑉𝐿 =

0.693
µ

(3)

Another parameter, the mean free path (MFP), is
directly dependent on the density variable and is
related to the mass attenuation coefficient as given in
Eq. 4.
𝑀𝐹𝑃 =

1
𝜇𝑚

Figure 1. BatchMaker software demonstration screenshot.

(4)
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Figure 2. BatchMaker software toolbar screenshots (Left: Glass recipe screen; Right: Batch recipe screen).

3. Results and Discussion
3.1. Radiation shielding characteriscs
In this study, the glass system of (55-x)SiO2-20B2O310Na2O-4MgO-8CaO-3Al2O3-xZnO where x: 0, 5, 10,
15, 20 and 25 wt% were explored via the WinXCom
program. LAC, MAC, HVL, and MFP parameters were
calculated via the WinXCom program in the photon
energy range of 0.015 - 10 MeV. LAC and MAC results
were revealed in Figure 3 and Figure 4, respectively. It
is obvious that LAC and MAC increase with the
increasing ZnO content. According to the both figures,
LAC and MAC values are very large in low energy
regions (e.g. 0.015 to 0.01 MeV) and drops off with the
increasing energy (e.g. 1 to 10 MeV). These
movements can be explained by three well-known
photon interaction matters. In the lower energy regions

photoelectric effect is observed while Campton
scattering and pair production processes generate in the
medium and higher energies, respectively. Our
findings are also in good agreement with several
studies conducted by [6,29,44]. Since the ZnO addition
paves the way for density increase from 2.498 to 3.043
g/cm3 in the glass system, both LAC and MAC
parameters increase. This is due to the fact that Zn (Z:
30) replaces Si (Z: 14) in the glass matrix. One can
state that sample-5 having 25 wt% of ZnO contribution
clearly resulted in highest LAC and MAC values. In
particular, we found that the highest ZnO addition
improved the radiation shielding characteristics at
higher radiation energy levels (greater than 1 MeV).
That means, gamma rays can easily be attenuated to the
lower values in comparison to remaining glass designs.

Figure 3. Linear attenuation coefficient for glass systems in the energy range 0.015 to 10 MeV .
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Figure 4. Mass attenuation coefficient for glass systems in the energy range 0.015 to 10 MeV.

On the other hand, the calculations of HVL and MFP
parameters, which are important in terms of thickness
value, were presented in Figure 5 and Figure 6,
respectively. As known well, the lower the HVL and
MFP values the higher the effectiveness of radiation
shielding will [28]. In this respect, both the HVL and
MFP thickness values decrease with the increasing
amount of ZnO. Also, as the photon energy increase up
to 10 MeV HVL values increase. For example, sample0 at 1 MeV energy, the thickness value is calculated as
4.40 cm, while the increasing ratio of ZnO content in
samples 1 - 5 yield 4.25, 4.10, 3.95, 3.81 and 3.66 cm

HVL values, respectively. Substantially, a significant
decrease in HVL value up to 10 wt% contribution is not
observed however, the value decreases considerably
when 25 wt% ZnO contribution is employed.
Similarly, MFP value decreases with increasing ZnO
addition. For instance, sample-0 at 2 MeV energy
shows a MFP value of 7.79 cm, while sample-5
ensures a value of 6.49 cm. Owing to 25 wt% of ZnO
addition, the MFP value is reduced by 16%, thus
improving the radiation shielding characteristics of the
glass system.

Figure 5. Half value layer for glass systems in the energy range 0.015 to 10 MeV.
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Figure 6. Mean free path for glass systems in the energy range 0.015 to 10 MeV.

based glasses of Schott company has relatively lower
HVL values. Interestingly, despite HVL values of
In the previous part, WinXCom calculations were
sample-5 is found to be greater than RS 323 G18 at
evidently presented. In order to make sense of given
0.662 MeV it achieves a lower HVL value when the
results above we compared HVL values at 0.662 and
energy level is increased to 1.25 MeV. In addition to
1.250 MeV energies relating to some heavyweight
this, sample-4 can compete with RS 323 G18 in terms
concrete materials [45], commercial window glass [46]
of HVL values at higher energy levels. Therefore, it can
and commercial radiation shielding glasses [47] and our
be deduced that sample-4 and sample-5 yield lower
findings as summarized in Table 2. For heavyweight
HVL values at higher energies compared to
concrete materials, density values can be increased with
commercially available RS 323 G18 lead-added glass.
different additives, and thus HVL values can be
This phenomenon improves the radiation shielding
decreased, accordingly. To give an example, steeleffectiveness of our glass systems. Not surprisingly, RS
reinforced concrete has HVL value of 2.32 cm whereas
360 and RS 520 products possess slightly lower HVL
standard concrete ensures 3.88 cm at the energy level
values against our glass samples, because higher
of 0.662 MeV. In our study, the lowest value for HVL
amounts of PbO give rise to a higher density of glass
was achieved as 2.82 cm with sample-5. At this point,
system. As a result, it is strikingly seen that our glass
it is critical to say that steel-reinforced concrete
samples have promising results when compared with
material has a greater density value compared to
heavy concrete materials and commercial products.
sample-5. On the other hand, it is more significant to
compare our glass samples with commercially available
ones. Here, the first attention can be drawn on the
commercial window glass. That is, HVL value is found
as 4.73 cm for that glass while all samples of the present
study have higher values at 0.662 and 1.250 MeV
energies. Moreover, the second attention should be
pointed out on commercial RS series glasses produced
by Schott company. Of these, RS 253 and RS 253 G18
series do not contain lead oxide (PbO), while the
remainings constitute PbO content as 33%, 45%, and
71%, respectively. In this respect, our lead-free glass
samples have lower HVL values than that of Schott’s
lead-free ones at both energy levels however, lead3.2. Comparison of the present study with others
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Table 2. Half value layer of some heavyweight concretes, commercial glasses and our glass systems.
Density
(g/cm3)
2.40
2.50
2.90
4.00
2.50
2.50
2.52
3.26
3.60
5.18
2.50
2.60
2.70
2.81
2.92
3.04

Shielding
Material

Energy (MeV)

Standard Concrete
Hematite Serpentine Concrete
Ilmenite Limonite Concrete
Steel Reinforced Concrete
Commercial Window Glass
RS 253
RS 253 G18
RS 323 G18
RS 360
RS 520
Sample 0
Sample 1
Sample 2
Sample 3
Sample 4
Sample 5

0.662

1.250

3.88
3.62
3.19
2.32
4.73
3.65
3.65
2.48
2.17
1.39
3.48
3.36
3.24
3.12
3.00
2.89

4.95
4.95
3.85
3.30
2.31
4.45
4.29
4.14
4.00
3.85
3.71

“-“ means not available information.

materials, a high thermal expansion coefficient allows
low melting temperature and provides low-cost
production. Likewise, having a high refractive index
and density value paves the way for its use in radiation
shielding applications. As well-known, the high
density (5.61 g/cm3) and high refractive index (n =
2.0034) of ZnO can provide to improve radiation
shielding properties. Although high liquidus
temperature is not desired in glass materials, it is seen
that increased ZnO additive causes this situation.
Further, our glass systems demonstrate better glass
properties rather than SLS glasses.

3.3. BatchMaker software estimate calculations
After comparing glass systems with different
materials, the estimation calculations performed via
BatchMaker software. Thermal expansion coefficient,
density, refractive index, Young's modulus, and
liquidus temperature values of glass systems were
listed in Table 3. Values related to commercial sodalime glass (SLS) are also presented in order to make
sense of the properties included. With the increasing
amount of ZnO, the thermal expansion coefficient,
density, refractive index, and liquidus temperature
increased whereas Young's modulus decrease. In glass

Table 3. Some important glass properties of our glass systems calculated via BatchMaker software.
Glass Property
Thermal expansion
Density
Refractive index
Young's modulus
Liquidus temperature

Unit
-6

10 /K
g/cm³
GPa
°C

0

1

7.16
2.498
1.518
67.4
1025

7.25
2.595
1.521
66.17
1031

The relationship between viscosity and temperature is
very significant for glass materials. Viscosity is
defined as the resistance of fluidity to flow and differs
with the change in fluidity with temperature. Based on

2
7.34
2.698
1.52
64.5
1036

3

4

5

SLS

7.43
2.806
1.527
62.32
1041

7.53
2.921
1.531
59.65
1046

7.63
3.043
1.535
56.41
1052

9.35
2.481
1.519
71.8
1010

the viscosity-temperature curve approach developed
by Lakatos et al. [48] within the scope of the
BatchMaker software, the results given in Figure 7
were drawn.
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Figure 7. Viscosity vs. Temperature curves for our glass systems drawn via BatchMaker software.

Each point given in the table represents a fixed point
for determining flow characteristics. The fixed points
can be followed as 2, 4, 5, 7.6, 13 and 14.5 Poise for
melting, working, flow, littleton, annealing, and strain
points, respectively. In lower content of ZnO in glass
systems, the melting point seems to be relatively lower,
however as the amount of ZnO is greater than 10 wt%,
the melting point is dramatically increased. This can be
associated with the network former role of ZnO in the
glass system as well as considering the higher melting
point of ZnO, namely 1975 ⁰C. Additionally, all-glass
systems present similar curves to each other, but there
are noticeable differences in melting, working and
flow points. Contrarily, SLS glass shows a slightly
different curve with regards to our glass samples. That
is to say, lower melting point and higher working &
flow points are effectual for SLS glass. Consequently,
it can be concluded that our glass systems achieve a
good viscosity-temperature curve and glass formation
ability.

4. Conclusions
The glass system of (55-x)SiO2-20B2O3-10Na2O4MgO-8CaO-3Al2O3-xZnO where x= 0, 5, 10, 15, 20
and 25 wt% were investigated via the WinXCom
program in this study. The density of glass systems
increased with increasing content of ZnO owing to the
higher molecular weight of ZnO in the glass matrix. It
was deduced that higher content of ZnO acts as the

network former rather than a modifier role. The linear
attenuation coefficient (LAC), mass attenuation
coefficient (MAC), half-value layer (HVL) and mean
free path (MFP) parameters were calculated via
WinXCom in the range of 0.015 to 10 MeV photon
energies. The findings showed that LAC and MAC
values increased with the increasing ZnO addition, but
decreased with increasing photon energy. Further,
HVL and MFP values diminished as the concentration
of ZnO increased in glass systems. Hence, the required
thickness for shielding material design was figured out.
In particular, sample-5 has promising results when
compared to some heavyweight concrete materials
(hematite-serpentine or ilmenite-limonite) and
commercially available ones (RS253, RS 253 G18, and
RS 323 G18). Interestingly, the authors reported that
sample-5 can compete with RS 323 G18 (33 wt% PbO
content) in higher photon energies despite its lowdensity value. Moreover, some important glass
property estimations and viscosity vs temperature
curve predictions were carried out via BatchMaker
software to prove glass formation ability. It was
pointed out that our glass systems can be fabricated and
shows good glass formation ability.

Conflicts of interest
The authors would like to state that there is no
conflict of interest.

983

Kurtuluş, Kavas / Cumhuriyet Sci. J., 41(4) (2020) 976-986

References
[1] Kaur P., Singh D. and Singh T., Heavy metal
oxide glasses as gamma rays shielding material,
Nucl. Eng. Des., 307 (2016) 364–376.
[2] Lakshminarayana G. et al., Vibrational, thermal
features, and photon attenuation coefficients
evaluation for TeO2-B2O3-BaO-ZnO-Na2OEr2O3-Pr6O11 glasses as gamma-rays shielding
materials, J. Non. Cryst. Solids, 481 (2018) 568–
578.
[3] Issa S. A. M., Sayyed M. I. and Kurudirek M.,
Study of gamma radiation shielding properties of
ZnO−TeO2 glasses, Bull. Mater. Sci., 40 (2017)
841–857.
[4] Lakshminarayana G. et al., Investigation of
structural, thermal properties and shielding
parameters for multicomponent borate glasses for
gamma and neutron radiation shielding
applications, J. Non. Cryst. Solids, 471 (2017)
222–237.
[5] Tijani S. A. and Al-Hadeethi Y., The influence of
TeO2 and Bi2O3 on the shielding ability of leadfree transparent bismuth tellurite glass at low
gamma energy range, Ceram. Int., 45 (2019)
23572–23577.
[6] Dong M. G. et al., Investigation of gamma
radiation shielding properties of lithium zinc
bismuth borate glasses using XCOM program and
MCNP5 code, J. Non. Cryst. Solids, 468 (2017)
12–16.
[7] Kaur P., Singh K. J., Thakur S., Singh P., and
Bajwa B. S., Investigation of bismuth borate glass
system modified with barium for structural and
gamma-ray shielding properties, Spectrochim.
Acta - Part A Mol. Biomol. Spectrosc., 206 (2019)
367–377.
[8] Wani A. L., Ara A., and J. Usmani A., Lead
toxicity: A review, Interdiscip. Toxicol., 8 (2015)
55–64.
[9] Verma S., Sanghi S. K., and Amritphale S. S.,
Development of Advanced, Non-toxic, X-ray
Radiation Shielding Glass Possessing Barium,
Boron Substituted Kornerupine Crystallites in the
Glassy Matrix, J. Inorg. Organomet. Polym.
Mater., 28 (2018) 35–49.

[10] Tijani S. A. et al., Radiation shielding properties
of transparent erbium zinc tellurite glass system
determined at medical diagnostic energies, J.
Alloys Compd., 741 (2018) 293–299.
[11] Hulbert S. M. and Carlson K. A., Is lead dust
within nuclear medicine departments a hazard to
pediatric patients?, J. Nucl. Med. Technol., 37
(2009) 170–172.
[12] Millstone E. and Russell J., Lead toxicity and
public health policy, J. R. Soc. Health, 115 (1995)
347–350.
[13] Oto B., Gür A., Kaçal M. R., Doǧan B. and
Arasoglu A., Photon attenuation properties of
some concretes containing barite and colemanite
in different rates, Ann. Nucl. Energy, 51 (2013)
120–124.
[14] Zorla E. et al., Radiation shielding properties of
high performance concrete reinforced with basalt
fibers infused with natural and enriched boron,
Nucl. Eng. Des., 313 (2017) 306–318.
[15] Yilmaz E., Baltas H., Kiris E., Ustabas I., Cevik
U., and El-Khayatt A. M., Gamma ray and
neutron shielding properties of some concrete
materials, Ann. Nucl. Energy, 38 (2011) 2204–
2212.
[16] Pomaro B., A Review on Radiation Damage in
Concrete for Nuclear Facilities: From
Experiments to Modeling, Model. Simul. Eng.,
2016 (2016).
[17] Horszczaruk E., Sikora P., and Zaporowski P.,
Mechanical properties of shielding concrete with
magnetite aggregate subjected to high
temperature, Procedia Eng., 108 (2015) 39–46.
[18] Lee C. M., Lee Y. H., and Lee K. J., Cracking
effect on gamma-ray shielding performance in
concrete structure, Prog. Nucl. Energy, 49 (2007)
303–312.
[19] Shelby James E, Introduction to Glass Science
and Technology Chapter 1,. 2. ed., 2006, 1–6.
[20] Al-Hadeethi Y. and Sayyed M. I., Analysis of
borosilicate glasses doped with heavy metal
oxides for gamma radiation shielding application
using Geant4 simulation code, Ceram. Int., 45
(2019) 24858–24864.
[21] Singh V. P. et al., Gamma-ray and neutron
shielding efficiency of Pb-free gadolinium-based
glasses, Nucl. Sci. Tech. 27:103 (2016).

984

Kurtuluş, Kavas / Cumhuriyet Sci. J., 41(4) (2020) 976-986

[22] Singh K. J., Kaur S. and Kaundal R. S.,
Comparative study of gamma ray shielding and
some properties of PbO-SiO2-Al2O3 and Bi2O3SiO2-Al2O3 glass systems, Radiat. Phys. Chem.,
96 (2014) 153–157.
[23] Kaewkhao J., Pokaipisit A. and Limsuwan P.,
Study on borate glass system containing with
Bi2O3 and BaO for gamma-rays shielding
materials: Comparison with PbO, J. Nucl. Mater.,
399 (2010) 38–40.
[24] Askin A., Dal M., Investigation of The Gamma
Ray Shielding Behaviour of (90-x)TeO2- xMoO310ZnO Glass System Using Geant4 Simulation
Code and WinXCOM Database, Cumhur. Sci. J.,
40 (2019) 742-752.
[25] Kirdsiri K., Kaewkhao J., Pokaipisit A.,
Chewpraditkul W. and Limsuwan P., Gammarays shielding properties of xPbO:(100-x)B2O3
glasses system at 662 keV, Ann. Nucl. Energy, 36
(2009) 1360–1365.
[26] Singh N., Singh K. J., Singh K. and Singh H.,
Comparative study of lead borate and bismuth
lead borate glass systems as gamma-radiation
shielding materials, Nucl. Instruments Methods
Phys. Res. Sect. B Beam Interact. with Mater.
Atoms, 225 (2004) 305–309.
[27] Kaewjaeng S., Kaewkhao J., Limsuwan P. and
Maghanemi U., Effect of BaO on optical, physical
and radiation shielding properties of SiO2-B2O3Al2O3-CaO- Na2O glasses system, Procedia Eng.,
32 (2012) 1080–1086.
[28] Waly E. S. A., Fusco M. A., and Bourham M. A.,
Gamma-ray mass attenuation coefficient and half
value layer factor of some oxide glass shielding
materials, Ann. Nucl. Energy, 96 (2016) 26–30.
[29] Sayyed M. I., Elmahroug Y., Elbashir B. O. and
Issa S. A. M., Gamma-ray shielding properties of
zinc oxide soda lime silica glasses, J. Mater. Sci.
Mater. Electron., 28 (2017) 4064–4074.
[30] Mauro J. C., Philip C. S., Vaughn D. J., and
Pambianchi M. S., Glass science in the United
States: Current status and future directions, Int. J.
Appl. Glas. Sci., 5 (2014) 2–15.
[31] Sayyed M. I., Lakshminarayana G., Dong M. G.,
Ersundu M. Ç., Ersundu A. E. and Kityk I. V.,
Investigation on gamma and neutron radiation
shielding parameters for BaO/SrO‒Bi2O3‒B2O3
glasses, Radiat. Phys. Chem., 145 (2018) 26–33.

glasses, Phys. B. Condens. Matter., 405 (2010)
204–207.
[33] Cetinkaya Colak S., Akyuz I., and Atay F., On the
dual role of ZnO in zinc-borate glasses, J. Non.
Cryst. Solids, 432 (2016) 406–412.
[34] Saeed A., Elbashar Y. H., and El Shazly R. M.,
Optical properties of high density barium borate
glass for gamma ray shielding applications, Opt.
Quantum Electron., 48 (2016) 1–10.
[35] Kurtuluş R. and Kavas T., An Investigation on
Usability of Waste Container Glass with Gd2O3
and La2O3 Addition in Radiation Shielding
Applications, AKU J. Sci. Eng., 19 (2019) 219224.
[36] Saudi H. A., Lead Phosphate Glass Containing
Boron and Lithium Oxides as a Shielding Material
for Neutron- and Gamma Radiation, Appl. Math.
Phys., 1 (2013) 143–146.
[37] El-Mallawany R. and Sayyed M. I., Comparative
shielding properties of some tellurite glasses: Part
1, Phys. B. Condens. Matter., 539 (2017) 133–
140.
[38] El-Mallawany R., Sayyed M. I., and Dong M. G.,
Comparative shielding properties of some tellurite
glasses: Part 2, J. Non. Cryst. Solids, 474 (2017)
16–23.
[39] Sayyed M. I., Çelikbilek Ersundu M., Ersundu A.
E., Lakshminarayana G. and Kostka P.,
Investigation of radiation shielding properties for
MeO-PbCl2-TeO2 (MeO: Bi2O3, MoO3, Sb2O3,
WO3, ZnO) glasses, Radiat. Phys. Chem., 144
(2018) 419–425.
[40] NIST XCOM: Element/Compound/Mixture.
Available at:
https://physics.nist.gov/PhysRefData/Xcom/html
/xcom1.html.
[41] ILIS Company BatchMaker Software. Available
at: https://www.ilis.de/en/batchmaker.html.
[42] Fluegel A., Glass viscosity based on a glabal
statistical modeling approach, Glas. Technol. Eur.
J. Glas. Sci. Technol. A, 48 (2007)13–30.
[43] Fluegel A., Varshneya A. K., Earl D. A., Seward
T. P., Oksoy D. and Street P., Improved
composition-property relations in silicate glasses
Part 1: Viscosity, Proceedings of the 106th
Annual Meeting of the American Ceramic Society,
Ceramic Transactions, 170 (2004) 129-143.

[32] Kumar V., Pandey O. P., and Singh K., Structural
and optical properties of barium borosilicate
985

Kurtuluş, Kavas / Cumhuriyet Sci. J., 41(4) (2020) 976-986

[44] El-Kameesy S. Y., El-Ghany S. A., El-Hakam
Azooz M. A., and El-Gammam Y. A. A.,
Shielding Properties of Lead Zinc Borate Glasses,
World J. Condens. Matter Phys., 03 (2013) 198202.
[45] Singh T. and Singh P. S., Partial as Well as Total
Photon Interaction Effective Atomic Numbers for
Some Concretes, J. Nucl. Physics, Mater. Sci.
Radiat. Appl., 1 (2013) 97-105.
[46] Kaewjang S., Maghanemi U., Kothan S., Kim H.
J., Limkitjaroenporn P. and Kaewkhao J., New
gadolinium based glasses for gamma-rays
shielding materials, Nucl. Eng. Des., 280 (2015)
21–26.

[47] Radiation Shielding Glasses for Industrial
Applications: SCHOTT Advanced Optics.
Available at:
https://www.schott.com/advanced_optics/english
/products/optical-materials/specialmaterials/radiation-shielding-glasses/index.html.
[48] C. Lakatos, L. C, J. LG, and S. B, ViscosityTemperature Relations in the Glass System SiO2Al2O3-Na2O-K2O-CaO-MgO in the Composition
Range of Technical Glasses, Glas. Technol.,13
(1972).

986

Cumhuriyet Science Journal

e-ISSN: 2587-246X
ISSN: 2587-2680

Cumhuriyet Sci. J., 41(4) (2020) 987-994
http://dx.doi.org/10.17776/csj.742964

Phase and chemical structure characterization in double sided TIG arc
welding of HARDOX 450 and AISI 430 steel
Tanju TEKER 1
1,2

, Denizer GENÇDOĞAN 2, *

Adıyaman University, Faculty of Engineering, Department of Metallurgy and Materials Engineering, 02040, Adıyaman / TURKEY

Abstract

Article info

In this study, HARDOX 450 and AISI 430 grades are combined using double-sided tungsten
inert gas (TIG) welding process. Microstructural properties of weld zone were evaluated with
optical microscope (OM), scanning electron microscope (SEM), energy dispersive
spectroscopy (EDS), electron back scatter diffraction (EBSD), elemental mapping analysis.
After tensile testing, fracture surface morphology was evaluated using SEM. The width and
depth of the weld seam increased with the increase in current. Carbon and chrome diffusion
gradients were formed on the HARDOX 450 steel side by FSS in welded joints. The
crystallographic plane was dominated by blue and, concentrated in the direction of {101},
{001}, {111}.
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1. Introduction
Ferritic stainless steels (FSS) contain 11.5-30.5% Cr,
up to 0.20% C and ferrite balancing elements such as
low amounts of Al, Nb, Ti and Mo. FSS has an
important place in engineering designs. They are
magnetic, can be cold or hot rolled. The most common
kind of FSS is AISI 430. The internal structures of FSS
consist of α-Fe in any heat treatment and in BCC
structure at room temperatures. Therefore, do not form
austenite and cannot be hardened by heat treatment [13]. The most characteristic feature of these steels is the
grain growth that occurs in the region under heat effect
at the welding. Grain growth causes a drop in the
toughness. They are used in the automotive industry,
device construction, kitchen and household appliances,
chemistry, petro-chemical and food industry. Since
FSS do not contain nickel, they are cheaper than
austenitic stainless steels (SS). Three types of
brittleness are observed in FSS. It is 475 oC fragility,
sigma (σ) phase and high temperature fragility. The
thermal conductivity of stainless steels is relatively low
compared to plain carbon steels [4-7]. HARDOX 450
is a high strength and wear-resistant steel with a
hardness of 450 HB. HARDOX 450 contains good
flexibility, weldability and impact toughness. It is used
in conveyors, dump truck bodies, bulldozers, railroad
and crushers [8]. Stainless steels can be welded with
melting weld technique. Gas tungsten arc welding
(GTAW) is often used for welding of FSS components,

Keywords:
AISI 430, HARDOX
450, DSAW,
Microstructure, EDS
EBSD

as it creates very high productivity welds. Doublesided arc welding (DSAW) increases penetration,
significantly reducing welding deformation and defect.
It is an innovative method that manufactures the weld
in just one pass without the groove and support plate.
High efficiency at low cost is an important focus for
the welding industry, especially when welding thick
materials [9-10]. DSAW is the important welding
process that combines thick material in one pass. The
DSAW process is used for welding in 6–12 mm thick
flat carbon steel, stainless steel and Al-alloy plates.
Due to its low temperature input and impeccable
energy adjustment, it has attracted interest in the
joining of dissimilar metals. Cheng and et al. studied
MIG-TIG (DSAW) of copper-SS employing Cu, CuNi and Fe-based filler metals. The reduced dislocation
intensity and grain growth under the effect of annealing
softened the HAZ on the copper side of the joints,
making it a breaking zone during the strength tests. The
welding regions with mixed phases in Cu-Ni and Fe
based filled welds showed higher impact toughness
than Cu based filled welded areas [11]. Zhang et al.
reported that the coaxial grain transition increased
during the solidification of the weld pool in doublesided arc welding compared to normal keyhole plasma
arc welding. It developed unique electromagnetic
forces in the weld pool of symmetrical heating. In
addition to increased penetration, the use of this
method to weld austenitic stainless steel resulted in
improved microstructure [12]. Yang et al. explained
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http://dergipark.gov.tr/csj ©2020 Faculty of Science, Sivas Cumhuriyet University

Teker, Gençdoğan / Cumhuriyet Sci. J., 41(4) (2020) 987-994

that thick plate low alloy steel can be combined with
DSAW at lower preheating temperature and without
pre-preparation [13].
In this study, phase and chemical structure
characterization in double sided TIG arc welding of
HARDOX 450 and AISI 430 steel were investiagated.
2. Materials and Methods
For welded joints, HARDOX 450 and AISI 430 steel
in dimensions of 125x100x10 mm3 were used. The
chemical composition of AISI 430 and HARDOX 450
steel is given in Table 1. Welded samples were joined
using welding speed (0.01 m/min), welding currents
(445, 460 and 475 A), argon shielding gas flow rate (15
l/min) and voltages (112, 115 and 118 V), electrode
diameter (Ø2.5 mm). The welds were carried out with
Ge-Ka-Mak welding device. Samples were flatted

using 80 to 1200 grit SiC papers and polished in the
polishing disc using diamond paste solution.
HARDOX 450 steel side was etched in nital solution.
Electrolytic etching with 10% oxalic acid solution at 5
V in 10 s was used to reveal the microstructure of AISI
430 side. HAZ and weld metal properties of welded
joints were detected using optical microscope (OM:
LEICA DM750), scanning electron microscope (SEM:
ZEISS EVO LS10). The element compositions of the
joints were observed with energy dispersive
spectroscopy (EDS). The dispersion rate of the phases
and compounds that occurred was determined by the
electron backscatter diffraction (EBSD: JEOL JSM
7001F) method. Elemental mapping test was
performed to analyze the element distribution. After
tensile testing, fracture surface morphology was
observed using SEM.

Table 1. Chemical composition of AISI 430 and HARDOX 450 steel (wt.%)
Alloy
AISI 430
HARDOX 450

Fe
Bal.
Bal.

C
0.048
0.19

Cr
16.02
0.25

Ni
0.22
0.025

Si
0.44
0.70

Mo
0.016
-

S
0.002
0.010

Mn
0.61
1.60

3. Experimental Results
3.1. Composition and
welding zone

microstructure

of

the

The schematic picture of the zones under the influence
of heat in the DSAW joints of AISI 430 and HARDOX
450 steels is given in Fig. 1. Weld seams did not
contain any physical defects. Higher heat input and low

joining speed created extreme penetration. The width
and depth of the weld seam increased with the increase
in current. The surface tension applied in TIG welding
may be higher at the sides than the middle of the
welding metal. This caused molten alloy to flow
outward, fordable and wide seams [14-16].

Figure 1. HAZ schematic of AISI 430 and HARDOX 450 steels.

Optical micrographs of the double-sided TIG welded
joints of AISI 430 and HARDOX 450 steels are
represented in Fig. 2. There were no voids, cracks and
insufficient melting in the microstructure. SEM
micrographs of S3 sample is shown in Fig. 3. On the
ITAB-430 side, grain boundary carbides, peppery
grain carbides were formed. As the cooling rate
increased with increasing current intensity, grain size
occurred. Higher heat input produced excess carbon
dissolution in ferrite, which corresponded to more
saturation regions, and then precipitated. Elevated heat

input created lower cooling and excessive diffusion
term. For the solubility of carbon was significantly
reduced along cooling, inter and intragrains
precipitates may observe during cooling. Martensite
occurred within and between grains. Intragranular
sediments invisible due to the decrease in temperature
and poverty of diffusion, while the martensite remains
within the limits [17-19].
On the ITAB-HARDOX 450 side, wider HAZ
occurred. Depending on the cooling rate and the
amount of carbon, lath-type martensite, acicular ferrite
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and widmanstatten ferrite were formed. Acicular
ferrites were also observed in regions with a high
cooling rate. The weld pool consisted of dendritic
column and axial grains. These grains incline to grow

by causing columnar grains. FSS has higher thermal
conductivity. The flow of heat perpendicular to the
welding will be maximal [20,21].

Figure 2. Optical microstructure of S3 sample.

Figure 3. SEM micrographs of S3 sample.
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EDS analysis spectrums and graphics obtained from
HAZ and weld metal of S3 sample are shown in Fig. 4.
Due to the high temperature input and following low
cooling quantity, the carbon content of the S3 sample
was slightly higher. Grain boundaries consisted of
fewer interim diffusion and excess carbon-rich
precipitates. The weld metal and base metal had Fe, Cr,
Mn, Ni, Mo, C and Si elements. Due to the higher Cr
content of AISI430 steel, only the Cr variation was

remarkable at the weld metal and HARDOX 450
interface. In the Cr content, a gradual decrease was
observed along the weld pool-AISI 430 interface,
while there was no significant change in Fe content. C
content showed a decarburized layer near the fusion
line in HARDOX 450 and a carbonized layer in the
weld metal. This was due to the carbon diffusion from
HARDOX 450 to weld pool.
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Figure 4. EDS analysis spectrums and graphics of S3 sample.

3.2. Elemental mapping analysis
ITAB-AISI 430 side-weld metal-ITAB-HARDOX 450
side lemental mapping mapping analysis are given in
Fig. 5. The distribution of iron, carbon, manganese,
molybdenum, nickel and silicon elements was
homogeneous. Carbon and chrome diffusion gradients
were formed on the HARDOX450 steel side by FSS
with welded joints according to the composition of the

steels. An increase in element diffusions was observed
with the effect of increasing heat due to the increasing
current intensity from the basic metal to the weld
metal, from the weld metal to the parent metal. Due to
the low carbon solubility in stainless steel,
precipitation of carbides was inevitable. Therefore,
when stainless steels were heated and cooled at high
temperature, supersaturated carbon combined Fe and /
or Cr and precipitated as shown in Fig. 3.
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Figure 5. Elemental mapping analysis of S3 sample.

3.3. EBSD analysis

3.4. Broken surface analysis

EBSD analysis of the S3 sample is exhibited in Fig. 6.
The EBSD map was dominated by blue and the
crystallographic plane was concentrated in the
direction of {101}, {001}, {111}. Cr7C3, Matensite,
Cr23C6 was detected in the weld metal. While the iron
content was lower along the grain boundaries, the Cr
and C content was higher, which showed Cr-C
deposits. The phase composition was chromium
carbide precipitation which were dissolved in the FeCr solid resolution matrix. The quantity of chromium
in the precipitate was less than that of the parent metal,
precipitates would not heavily capture chromium in the
matrix. While martensite precipitates, it was dispersed
into ferrite grains and groups.

The broken surface elementary mapping analysis of the
S3 sample is illustrated in Fig. 7. The tensile fracture
surface indicated cleavage and brittle. Tear ridge and
river-like styles were observed. In addition, the
appearence of indeterminate amounts of martensite
will encourage hydrogen-containing cracking [21]. It
was been observed that chromium and nickel were
distributed from stainless steel to HARDOX 450 steel,
and from HARDOX 450 steel, iron and carbon were
diffused to stainless steel.

Figure 6. EBSD analysis of S3 sample.
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Figure 7. Fracture surface elementel mapping analysis of S3 sample.

4. Conclusions
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Occupational noise exposure is a serious physical risk factor leading to occupational diseases
including hearing loss. In this study, occupational noise measurements taken at seven natural
stone processing plants operating in Sivas, Turkey and its environs are evaluated in accordance
with the task-based assessment method given in TS EN ISO 9612-2009 standard. Though the
processes in natural stone processing plants are similar, significant differences were observed
in the noise levels, which are often above the limits specified in the relevant regulation. The
highest noise levels to which workers were exposed are S/T, bridge cutting, sizing/honing,
head/side cutting machines while the lowest noise levels were from narrow polishing machine
and gang saw machines. In plants B, F and G the S/T block cutting machines, in plants B and
D the head/side cutting machines, in plants C and E the sizing/honing machines and in plant
D the bridged cutting and narrow polishing machines exposed workers to noise levels above
the lowest exposure action value of 80 dBA. The bridge cutting machine in plant D exposed
the workers to noise levels above the highest exposure action value of 85 dBA. High noise
emitting machines were proposed to be isolated in separate compartments.
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1.

Introduction

Noise or unwanted noise is one of the most common
pollutants that penetrate many aspects of our lives.
People exposed to noise in and/or outside the
workplace are adversely affected by both their health
and work efficiency [1, 2].
Research has shown that hearing loss is one of the most
common physical risk factors in the United States after
high blood pressure and joint disorders. It is also
reported that around 22 million workers (17%) are
threatened with hazardous noise levels (> 85 dBA) in
this country, and 19% of those exposed to noise have
hearing impairment. Hammer et al stated that in the
US, workers under the threat of hearing loss mostly
work in the mining, construction and manufacturing
sectors [3]. As far as the mining industry is concerned,
noise levels are higher than other sectors. Therefore,
noise exposure and noise-related hearing loss are
common in workers in this sector [4-7]. When the
occupational disease statistics between 2015 and 2019
are examined in Turkey, the ratio of the insured male
and female workers who had occupational diseases due
to noise exposure varied between 1.1% to 6.6% and 0%
to 7.5% of the total number of occupational diseases,

Keywords:
Noise exposure,
natural stone
processing plant,
task-based noise
measurement,
LEX,8h

respectively [8].
Following the extraction and processing stages, natural
stones are used in various fields such as construction,
coating, flooring, sculpture, tombstone construction,
stone chips, porcelain, glass/optical industry and
ornaments. The world's richest deposits of natural
stone found in the Alpine zone is located in Turkey
with a total estimated reserve of 5.2 billion cubic
meters (13.9 billion tons). This corresponds to
approximately 33% of world’s total reserves [9, 10].
With its 335 million m³ natural stone reserves, Sivas
has approximately 6.5% of the total reserve in Turkey.
Furthermore, travertine, which is by far the most
produced natural stone in the region, has a share of
18% in Turkey's potential [11, 12]. In 2019, Turkey's
natural stone exports amounted to 1.86 billion USD,
accounting for about 43% of national total mineral
exports [13].
Natural stone industry seeks the maximum use of labor
and technology in both quarries and processing plants.
Thus, due to the high number of machinery and
equipment used in this sector, safety measures to be
taken have also increased [14].
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Natural stone extraction and processing is based on
intensive manpower in Turkey and there are many
quarries and processing plants scattered throughout the
country. A typical operation starts with transportation
of natural stone blocks with various physical, textural
and mechanical properties to the plant. Large blocks of
uniform dimensions are cut into slabs using multi-wire
cutters, which comprise diamond wires that can cut the
block in a vertical direction. Similarly, irregular blocks
are cut into strips with block cutters that are equipped
with a large diameter diamond saw blade to cut blocks
in a vertical direction. Strips are further processed to
reduce the product into desired dimensions. Following
the main cutting and size reduction operations, natural
stone slabs or tiles are treated in various processes to
remove cutting marks and to give an appearance
suitable for the intended use. These include polishing,
honing, ageing, sanding and bush hammering. All
these processes are carried out simultaneously in a
space-restricted environment where workers indoors
can be exposed to high levels of noise [15].
Studies in natural stone processing plants revealed that
noise emission by equipment may pose a risk in terms
of safety and health of employees [16-22]. Fişne noted
that noise exposure can cause significant physiological
reactions on employees such as increased blood
pressure, acceleration in heart rate and respiration, low
cerebrospinal fluid pressure, sudden reflexes and
headache [23]. Kumari et al conducted hearing tests on
employees in 30 marble factories in Rajasthan, India.
20% of the employees had mild hearing loss, 16.67%
had moderate hearing loss, 36.67% had moderate and
severe hearing loss and 26.66% had severe hearing loss
[24]. Rutilo et al investigated workers’ noise exposure
in two marble quarries in Brazil where noise levels
varied between 95.0 dBA and 103.3 dBA [16]. In the
study where the main sources of noise were identified
as marble cutting and polishing machines, it was
suggested that workers use personal protective
equipment. In a natural stone processing plant, Arıtan
and Tümer recorded a noise emission level of 86.9
dBA during the operation of the diamond wire cutting
machine stating that given the noise level, health of
employees would be at risk and the possibility of
occupational diseases may increase by prolonged
exposure to loud noise [19].

Noise Measurement Strategy TS proposes three
different measurement strategies for the determination
of noise in workplaces [25]. These are
Task-based noise measurement: This is the noise
measurement method used in cases where the work
performed in shifts is analyzed and divided into subtasks, the duration of each task can be determined
precisely, a small amount of change is observed in the
sound level (stable noise) and many workers do similar
work in the same noise environment. In this method,
each measurement time must be long enough to
represent the average equivalent continuous sound
pressure level for the actual task. Each task requires
three measurements each at least five minutes. If the
task takes less than five minutes, the duration of the
measurement shall be equal to the duty time. For longer
tasks, the duration of each measurement should be at
least five minutes. However, if the noise level is
determined to be constant or reproducible or if the
noise in the task is considered to be a minor
contribution to total noise exposure, the duration of
each measurement can be reduced [25-27].
Job-based noise measurement: When it is difficult to
allocate tasks to a specific job or if the duration of the
tasks varies greatly then this noise measurement
method is applicable. In this method, homogeneous
noise exposure groups are determined per job title,
duties, working areas or occupations of the employees.
Employees in the group consist of people who do the
same job and are expected to be exposed to similar
noise during one working day. A random sound
pressure level is measured from the group and is
considered to represent the entire group [25-27].
Full-time noise measurement: This method is used in
cases where detailed job analysis is difficult to perform
or when it is difficult or it cannot be determined to
define the work done and working time or noise
exposure of the employees is complex and cannot be
estimated. In this method, sound pressure level is
continuously measured during full working days [2527]. Choice of the measurement strategy usually
depends on a number of factors such as type of work,
complexity of the work situation, number of
employees, duration of work and the appropriate time
for measurement and analysis. Noise measurement
strategies are given in Table 1 [25].
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Table 1. Basic measurement strategy selection [25]
Type or order of work
Stationary place
- Simple or single task
Stationary workplace
- Complex or multitasking
Employee on Wheels
- Predictable work-few tasks
Employee on Wheels
- Predictable work-multiple tasks or complex work order
Employee on Wheels
- Unpredictable work order
Fixed or roaming employee
- Multiple tasks with indefinite duty duration
Fixed or roaming employee
- Multiple tasks with indefinite duty duration

1. Strategy
Task-based
measurement

2. Strategy
Job-based
measurement

3. Strategy
Full-day
measurement

☺*

-

-

☺*

☺

☺

☺

☺

☺*

☺*

☺

☺*

-

☺ Strategy can be used.
* Recommended strategy

2. Materials and Methods
In this study, noise exposure of workers in natural
stone processing plants has been evaluated in
accordance with the task-based measurement method
of TS EN ISO 9612-2009 standard. Field
measurements were carried out using a high-precision
sound level meter capable of ⅓ octave real-time
frequency analysis. The instrument is suitable for all
noise measurements stated in the Regulation of
“Assessment and Management of Environmental
Noise” issued by the Ministry of Environment and
Urbanization of Turkey (Figure 1). The sound level
meter was calibrated with an acoustic calibrator before
and after each measurement round.
Article 5 of the Regulation on the “Protection of
Employees from Noise-Related Risks” has specified
three threshold levels for 8-hour time-weighted

☺
☺

☺*

☺

☺*
☺

average noise level (LEX, 8h) for a worker’s noise
exposure; the lowest exposure action value of 80 dBA,
the highest exposure action value of 85 dBA and the
exposure limit value of 87 dBA [28]. Hereafter, these
threshold values will be called as EAVL, EAVH and
ELV, respectively.
Noise measurements were taken from seven natural
stone processing plants operating in Sivas and its
environs. Measurements were taken when the
personnel were wearing personal protective equipment
in the form of earplugs, corded earplugs and to a lesser
degree helmet mounted earmuffs. In accordance with
the agreements made with the management of natural
stone processing plants, the company names are coded
from A to G throughout the text in order to avoid any
misunderstanding. Each plant operated some or all of
the machinery given in Table 2.

Figure 1. Sound level meter [29]
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Table 2. Distribution of noise generating machines
Machine name
Gang saw

Representative image

Used for cutting natural stone blocks into plates
of certain thickness.

Bridge cutting machine

Quantity
Plant A  1
Plant B  1
Plant C  1
Plant D  1
Plant E  1
Total 5
Plant A  1
Plant B  1
Plant C  1
Plant D  1
Total 4

Used for cutting natural stone plates to
appropriate sizes.
S/T machine

Plant A  1
Plant B  1
Plant C  1
Plant D  1
Plant E  1
Plant F  1
Plant G  1
Total 7
Plant A  1
Plant B  1
Plant C  1
Plant D  1
Plant F  1
Plant G  1
Total 6
Plant A  1
Plant B  1
Plant C  1
Plant E  1
Plant G  1
Total 5
Plant A  1
Plant B  1
Plant C  1
Plant D  1
Plant G  1
Total 5

Used for cutting natural stone blocks to a certain
thickness.

Head/side cutting machine
Used for cutting and straightening the ends of
natural stone plates.

Sizing/honing machine
Used to cut natural stone plates with proper
precision and to remove surface roughness.
Narrow polishing machine
Used for grinding and polishing natural stone
plates of certain sizes (30 cm - 45 cm).

3. Results and Discussion
Noise exposure of workers in natural stone processing
plants were recorded and evaluated in accordance with
TS EN ISO 9612-2009 standard. It should be noted that
the following machines in all natural stone processing
plants were evaluated individually: gang saw, bridge
cutting machine, S/T machine, head cutting machine,
side cutting machine, sizing/honing machine and
narrow polishing machine. Thus, the sound pressure
level recorded by the noise level meter reflected the
noise emission of a specific machine at a particular
moment on which other machinery were accepted not

in operation. Table 3 summarizes the continuous sound
level in dBA equivalent to the total sound energy
measured over the sampling period (Lp,A,eqT,m), daily
noise exposure for a nominal 8-hour working day
(LEX,8h,m), noise level (LEP,?h) equivalent for a specific
working time (h, hours) based on equations 1 and 2 and
time to reach EAVL, EAVH and ELV for a specific LAeq
[25]. For Plant A with an equivalent continuous sound
pressure of 88.8 dBA, a worker would reach the lowest
exposure action value of 80 dBA, the highest exposure
action value of 85 dBA and the exposure limit value of
87 dBA after working 66 minutes, 198 minutes and 318
minutes on the gang saw, respectively.
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1

𝐿𝐿𝑃𝑃,𝐴𝐴,𝑒𝑒𝑒𝑒𝑒𝑒,𝑚𝑚 = 10 ∙ log � 𝐼𝐼 ∑𝐼𝐼𝑖𝑖=1 100.1∙𝐿𝐿𝑃𝑃,𝐴𝐴,𝑒𝑒𝑒𝑒,𝑇𝑇,𝑚𝑚𝑚𝑚 � dB
𝑇𝑇�𝑚𝑚

𝐿𝐿𝐸𝐸𝐸𝐸,8ℎ,𝑚𝑚 = 𝐿𝐿𝑃𝑃,𝐴𝐴,𝑒𝑒𝑒𝑒𝑒𝑒,𝑚𝑚 + 10 ∙ log � 𝑇𝑇 � dB

Where
Lp,A,eqT,mi
LEX,8h,m
i
𝑇𝑇�𝑚𝑚
I
To

0

(1)
(2)

: the A-weighted equivalent continuous sound pressure level during a task of duration Tm
: the noise contribution from task m to the daily A-weighted noise exposure level
: the number of task sample m
: the arithmetic average duration of task m
: the total number of task samples m
: the reference duration, T0 = 8 h.

Table 3. Calculated noise parameters in natural stone processing plants
Machine

Gang
saw
Bridge
cutting
machine

S/T
machine

Head/side
cutting
machine

Sizing/honing
machine

Narrow
polishing
machine

Plant code
A
B
C
D
E
A
B
C
D
A
B
C
D
E
F
G
A
B
C
D
F
G
A
B
C
E
G
A
B
C
D
G

LAeq
(dBA)
88.8
88.6
94.7
89.3
84.5
92.8
95.9
87.8
103.5
96.1
101.1
98.8
96.8
94.6
100.0
98.5
96.7
99.3
93.3
99.9
91.7
95.3
93.6
95.9
100.3
100.1
93.0
89.1
94.9
86.5
97.2
92.7

LEX,8h
(dBA)
88.5
88.3
94.4
89.0
84.2
92.5
95.6
87.5
103.2
95.8
100.8
98.5
96.5
94.3
99.7
98.2
96.4
99.0
93.0
99.6
91.4
95.0
93.3
95.6
100.0
99.8
92.7
88.8
94.6
86.2
96.9
92.4

LEP,6h
(dBA)
87.6
87.4
93.5
88.1
83.3
91.6
94.7
86.6
102.3
94.9
99.9
97.6
95.6
93.4
98.8
97.3
95.5
98.1
92.1
98.7
90.5
94.1
92.4
94.7
99.1
98.9
91.8
87.9
93.7
85.3
96.0
91.5

LEP,4h
(dBA)
85.8
85.6
91.7
86.3
81.5
89.8
92.9
84.8
100.5
93.1
98.1
95.8
93.8
91.6
97.0
95.5
93.7
96.3
90.3
96.9
88.7
92.3
90.6
92.9
97.3
97.1
90.0
86.1
91.9
83.5
94.2
89.7

Among the gang saw machines, the equivalent noise
level (LAeq) varied between 84.5 dBA in Plant E and
94.7 dBA in Plant C, averaging 94.0 dBA. This result
is consistent with the literature where Çınar and
Şensöğüt measured 87.51 dBA in the sheet machine
[17]. Considering the legal limitations, daily noise

LEP,2h
(dBA)
82.8
82.6
88.7
83.3
78.5
86.8
89.9
81.8
97.5
90.1
95.1
92.8
90.8
88.6
94.0
92.5
90.7
93.3
87.3
93.9
85.7
89.3
87.6
89.9
94.3
94.1
87.0
83.1
88.9
80.5
91.2
86.7

LEP,0.5h
(dBA)
76.8
76.6
82.7
77.3
72.5
80.8
83.9
75.8
91.5
84.1
89.1
86.8
84.8
82.6
88.0
86.5
84.7
87.3
81.3
87.9
79.7
83.3
81.6
83.9
88.3
88.1
81.0
77.1
82.9
74.5
85.2
80.7

Working time
EAVL
EAVH
ELV
(min)
(min)
(min)
66
198
318
66
210
330
16
51
84
57
180
282
174
540
846
25
84
126
13
39
60
80
252
402
11
12
37
59
12
19
6
20
32
10
32
51
17
54
84
16
24
22
34
10
32
52
18
28
22
70
113
16
25
32
102
162
14
45
72
21
66
105
12
39
61
14
22
15
23
24
76
120
59
186
294
16
49
78
108
336
540
29
46
26
82
129

exposure of workers in all plants except Plant E is
higher than EAVH and ELV. If the situation is
examined from another perspective, the following
conclusions are reached. The workers operating the
machines in Plants A, B, C, D and E reach the EAVL
after 66, 66, 16, 57 and 174 minutes of work,
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respectively. Similarly, Plants A, B, C and D reach the
ELV before the end of a typical shift while Plant E
remains in the lowest exposure action zone. The daily
equivalent noise exposures of the workers on the gang
saw machines among processing plants calculated
using Equation 1 and 2 are given in Figure 2.
Among the bridge cutting machines the equivalent
noise level (LAeq) varied between 87.8 dBA in Plant C
and 103.5 dBA in Plant D, averaging 102.90 dBA. A
difference of 15.7 dBA reveals the fact that the highest
equivalent sound pressure recorded on bridge cutting

machines was 6.1 times the lowest one. When the
limits specified in the relevant Regulation are taken
into account, the daily equivalent noise exposure of
employees working on bridge cutting machines
exceeds the EAVH and ELV before the end of the shift.
The workers operating the machines in Plants A, B and
C reach the EAVL after 25, 13 and 80 minutes of work,
respectively. However, the machine in Plant D
immediately exposes its operator to the EAVL, EAVH
and ELV after two, ten and eleven minutes,
respectively.

95

Equivalent sound pressure (dBA)

90

85

80

75

70

65

0,2

0,5

1,0

2,0

3,0

4,0

5,0

6,0

7,0

7,5

8,0

Operating time (hours)
Plant A

Plant B

Plant C

Plant D

Plant E

Lowest exposure action value

Highest exposure action value

Exposure limit value

Figure 2. Time-dependent equivalent noise exposure of workers on gang saw machines

The noisiest machines in natural stone processing
plants are S/T machines. The equivalent noise level
(LAeq) varied between 94.6 dBA in Plant E and 101.1
dBA in Plant B, averaging 100.29 dBA. Measurement
results are compatible with previous studies where
Lindawati et al recorded a noise level of 94 dBA and
96 dBA when the S/T machine was idle at a marble
factory in South Aceh, Indonesia [22]. A difference of
6.5 dBA gives a 2.1 times higher sound pressure level
between the highest and the lowest equivalent sound
pressure. The daily equivalent noise exposure of
employees working on S/T machines exceeds the ELV
before the end of the shift. The workers operating the
machines in Plants A through G reach the ELV after
59, 19, 32, 51, 84, 24 and 34 minutes of work,
respectively.

The difference between the equivalent noise level
(LAeq) measured on the head/side cutting machines is
8.2 dBA. The processing plant of the highest noise
level is Plant D with 99.9 dBA and that of the lowest
noise level is Plant F with 91.7 dBA, averaging 99.22
dBA. A similar result supporting this study was
reported by Engin et al on the head/side cutting
machine with 90 dBA when in operation and 82 dBA
when idle [21]. The LEX,8h calculated on head/side
cutting machines in all natural stone processing plants
exceeded the EAVL and EAVH as well as the ELV
specified in the relevant regulation. The workers
operating the machines in Plants A, B, C, D, F and G
reach the ELV after 52, 28, 113, 25, 162 and 72
minutes of work, respectively.
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The equivalent noise level (LAeq) measured in
sizing/honing machines ranged between 93.0 dBA at
Plant G and 100.3 dBA at Plant C, averaging 99.81
dBA. The 7.3 dBA difference between the lowest and
highest measured values corresponds to a 2.3-fold ratio
between equivalent pressure levels. In a similar study,
Çınar and Şensöğüt presented the noise level of a
sizing machine in a marble processing plant as 96.74
dBA [17]. The LEX,8h calculated on sizing/honing
machines in all natural stone processing plants
exceeded the EAVL and EAVH as well as the ELV
specified in the relevant regulation. The workers
operating the machines in Plants A, B, C, E and G
reach the ELV after 105, 61, 22, 23 and 120 minutes of
work, respectively.
The difference between equivalent noise levels (LAeq)
measured in narrow polishing machines in natural
stone processing plants is 10.7 dBA corresponding to a
3.4-fold ratio between the lowest equivalent pressure
level of 86.5 dBA at Plant C and the highest equivalent
pressure level of 97.2 dBA at Plant D, averaging 96.50
dBA. The workers operating the machines in Plants A,
B, C and G reach the EAVL after 59, 16, 108 and 26
minutes of work, respectively. Similarly, Plants A, B,
D and G reach the ELV before the end of a typical shift
while Plant C remains in the highest exposure action
zone.
When the evaluations are made on the plant basis, the
following conclusions are reached when the daily
equivalent noise exposure is regarded. At Plant A, the
highest noise exposure is caused by the head/side
cutting machine with 96.4 dBA and the lowest
exposure by the gang saw with 88.5 dBA, giving a
2.48-fold ratio in terms of sound pressure. Timedependent equivalent noise exposure of workers in
Plant A is depicted in Figure 3. At Plant B, the highest
noise is emitted by the S/T machine with 100.8 dBA
while the lowest by the gang saw with 88.3 dBA,
giving a 4.22-fold ratio in terms of sound pressure. At
Plant C, the sizing/honing machine was the noisiest
unit with 100.0 dBA while the narrow polishing
machine was the quietest with a daily equivalent sound
pressure level of 86.2 dBA. These values correspond
to a 4.90-fold difference in terms of daily equivalent
sound pressure. At Plant D, the highest noise level was
sourced from the bridge cutting machine with 103.2
dBA and the lowest noise level from the gang saw with
89.0 dBA, giving a 5.13-fold ratio in terms of sound
pressure. At Plant E, the sizing/honing machine was
the noisiest unit with 99.8 dBA while the gang saw was
the quietest with a daily equivalent sound pressure
level of 84.5 dBA, corresponding to a 5.82-fold
difference in terms of daily equivalent sound pressure.
At Plant F, the highest noise sourced from the S/T

machine with 99.7 dBA while the lowest by the
head/side cutting machine with 91.4 dBA, giving a
2.60-fold ratio in terms of sound pressure. At Plant G,
the S/T machine was the noisiest unit with 98.2 dBA
while the narrow polishing machine was the quietest
with a daily equivalent sound pressure level of 92.4
dBA, corresponding to a 1.95-fold difference in terms
of daily equivalent sound pressure.
Among the seven natural stone processing plants
where the noise exposure measurements were taken the
S/T machine, the sizing/honing machine, the bridge
cutting machine and the head/side cutting machine had
the highest noise level at three, two, one and one plant,
respectively. On the other hand the gang saw, the
narrow polishing machine and the head/side cutting
machine had the lowest noise level at four, two and one
plant, respectively. According to these results, the S/T
machine has the highest noise level and the gang saw
has the lowest noise level.

4. Conclusions
Within the scope of this study, a total of 96 noise
measurements were taken on six different machine
groups encompassing gang saw, bridge cutting, S/T,
head/side cutting, sizing/honing and narrow polishing
machines in seven natural stone processing plants in
Sivas, Turkey. Measurements were evaluated in
accordance with task-based measurement method
given in TS EN ISO 9612 (2009) “AcousticOccupational Noise Exposure DeterminationEngineering Method” standard.
Evaluation of the measurements indicated a large
difference between the noise levels produced by the
same type of machines operated in different processing
plants. The machines with the highest noise level are
bridge cutting, S/T, sizing/honing and head/side
cutting machines. Compared to these machinery,
narrow polishing machines and gang saws produce less
noise. In this context, the maximum daily equivalent
noise level (LEX,8h) is generated by the bridge cutting
machine at 103.2 dBA operating in Plant D while the
minimum level by the gang saw at 84.2 dBA in Plant
E.
Considering daily equivalent noise levels, noise
generated by all natural stone processing machines is
above the minimum and maximum exposure action
values and exposure limit values specified in the
relevant Regulation. Therefore, workers must be
protected against hearing-related occupational diseases
with appropriate measures including but not limited to
isolating high-noise emitting machines in separate
compartments, placing barriers between the noise
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source and employees, maintaining stone-processing
machinery, operating noisy machines during shifts
when fewer people are exposed, shortening the shift

and finally, using hearing protectors suitable for highfrequency noise.
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Figure 3. Time-dependent equivalent noise exposure of workers in Plant A
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Abstract
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Studies and experiments conducted for the performance enhancement of internal combustion
engines are of great importance. Today, challenges encountered in securing energy resources,
the incremental costs and environmental factors constantly remind us that we should not ignore
fuel economy in motor vehicles. Studies conducted in this framework focus on lower fuel
consumption and less exhaust emissions while improving performance. Undoubtedly,
combustion chamber designs and charge systems have a great effect on exhaust emissions and
performance. For this reason, a suction stroke was modeled in two dimensions using the fluent
software to better understand the charge systems in internal combustion engines. The design
was based on 1600 cc Fiat engine measurements and engine geometry was defined. CFD
(Computational Fluid Dynamics) software was used to investigate the valve opening and
cylinder and combustion chamber air motion at 900, 3000, 5000 rev-1 RPM and the results
were discussed in detail. CFD results will assist engine designers in understanding the effects
of suction system and its components on various parameters.
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1.

Introduction

Internal combustion engines are widely used today,
especially in the automotive industry but also in many
sectors that require power and performance. However,
what is expected of internal combustion engines is not
only power and performance. Besides performance,
emission values are also important because they are
stricter with international agreements such as the
Kyoto Protocol and increased environmental
awareness. Numerous studies have been and are being
conducted to improve the problems pointed out by
engine manufacturers and researchers. One of the focal
points of these studies is the investigation of incylinder charge and its motions.
With advancements in computer technology, modeling
and simulation techniques reduce design and
production costs. Performance and design optimization
of internal combustion engines is primarily carried out
using computerized simulation models, and necessary
calculations and adjustments are easily compared
using the generated models. Studies conducted using
these models focus on the analysis of in-cylinder air
motions, the design of combustion chambers, the
determination of valve positions and sizes, effects of
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Turbulence,
CFD.

piston head shape on in-cylinder air motions and
combustion, and the determination of spark plug and
injector positions. The literature contains many studies
on engine modelling and experimental investigation of
findings.
The amount of filling and flow movements inside the
cylinder are shaped in the suction event. The 4-stroke
engines are also the narrowest section for the suction
valve flow, so the gas flow rate in this section is highest
during suction.
The gas flows and disperses into the cylinder in the
form of a conical spray. The axial and radial velocity
in this cross-section is about 10 times greater than the
piston speed [1]. In particular, the flow with a chokelike character interacts with the cylinder walls as the
piston moves, creating large rotational flow patterns in
the cylinder. These flows interact significantly with the
cylinder head geometry, valve and intake manifold and
its structure changes during both compression and
suction and are distorted by transforming into threedimensional turbulence motion [2].
Akar et al. [3] studied flow characteristics in a
combustion chamber using FLUENT as a
computational fluid dynamics code. They determined
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that valve opening and cylinder length have an effect
on flow characteristics in a single-valve engine with a
flat combustion chamber. This result was confirmed by
comparing it with those of the previous experimental
studies [4].
M. C. Drake et al. injected fuel directly into the
cylinder in two stages by making modifications to a
four-stroke, single-cylinder and four-valve spark
ignition engine. They adjusted the mixing balance by
separating the air inlets of the suction valves. They
used CFD method to model fuel injection, combustion
and air fuel mixture to determine optimum values of
fuel consumption and exhaust emission. They
numerically compared the CFD model results with the
actual conditions of the engine. They stated in the
conclusion section of the study that the results of the
model and the experiment were compatible [5, 2].
Wu and Perng used Large Eddy Simulation model to
investigate heat transfer and turbulence during
compression and exhaust stroke in automobile engines.
They used the standard k-s model for numerical studies
and the Cholesky gradient method for solving singular
equations. They calculated local heat flux and eddy
velocity at different crank angles for two different
types of piston a plain head piston and a dish piston.
They compared the results with those of experimental
studies [4, 6].
Altın and Bilgin analyzed the effect of twin spark plugs
on engine performance at different rotations in a twodimensional cycle in a spark-ignition engine with a
disc-type combustion chamber. They investigated
mean pressure, efficiency, specific fuel consumption
and power for different spark plug positions using
single and double spark plugs in combustion chambers.
The spark plugs were positioned axially symmetrically
with respect to the center of the cylinder head at 5
different points with a difference of 0.25. Data were
compared with those of experimental results in the
literature. They reported that the position of the spark
plugs with respect to the center had a direct effect on
combustion time, which was extended. Two negative
consequences were identified. One of them is straying
from the Otto cycle, that is, the ideal cycle. The other
one is the increase in heat loss to the cylinder walls as
time progresses. In both cases the thermal efficiency
drops [4, 7].
Coşkun et al conducted a combustion analysis of an
HCCI engine using computational fluid dynamics. In
the study, piston movement 720 time intervals were
defined For the 360 ° crankshaft angle and 30 iterations
were determined for each time interval and the
combustion regime of the existing air-fuel mixture was

examined when the piston was in the bottom dead
center [8].
In internal combustion engines, the volume between
the piston and the cylinder head constitutes the
combustion chamber when the piston is at top dead
center. It is desirable to obtain high pressure by
constant volume combustion in Otto cycle engines.
The realization of the combustion process in the
combustion chamber volume within the shortest time
directly affects the post combustion pressure.
Ideal burning: It depends on the air-fuel mixture ratio,
the homogeneity of the mixture and the position of the
spark plug with the strength of the spark. The
homogeneity of the air fuel mixture depends on the
motions of vortices varying according to the position
of the valves, shape of the piston head and of the
combustion chamber. The turbulences that occur
improve the combustion, but irregular turbulences
cause the breakdown of the combustion.
Vortex and turbulence generated in cylinders play an
important
role
in determining combustion
characteristics. Although the positive effects of the
turbulence effect on combustion in internal
combustion engines have been known theoretically for
a long time, it is quite difficult in practice to design the
combustion chamber geometry and suction ports to
obtain the turbulence required for good combustion
[2].
Several combustion chambers have been used to
achieve ideal combustion, better exhaust emissions,
high power output and high performance in internal
combustion engines. Combustion chambers vary
according to parameters such as vehicle type and
engine characteristics, and the desired power and lower
emission values are also important in determining this
engine's characteristics. Combustion chambers can
now be customized for production companies in the
automotive industry. They also have distinctive models
thanks to studies on this subject. Shape changes in
combustion chambers can be diverse based on piston
shape, number of valves, valve shapes, etc. Some of the
most common combustion chambers are [4, 9]:
• Hemispherical combustion chamber,
• Pent-roof combustion chamber,
• Wedge combustion chamber,
• Bathtub combustion chamber
Fuel used in internal combustion engines varies
depending on fuel type and theoretical cycle of the
engine. As can be seen from Figure 1, internal
combustion engines have two different type charging
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systems,

homogeneous

and

gradual.

Figure 1. Spark ignition combustion and HCCI combustion
[10 - 15]

The vast majority of the engines produced to date have
been homogeneous-charge engines. The air and fuel
must be stoichiometric to prepare the mixture in
homogeneous-charge engines. Therefore, the most
suitable air/ fuel mixture preparation system for the
homogeneous-charge system is the multipoint
injection (MPI) system in which injection must take
place behind the suction valve and the fuel injected
must consist of very fine particles for mixture
sensitivity. Injection time depends on engine RPM. At
high speeds, the suction stroke is shortened and
therefore, injection which starts when the suction valve
is closed, continues as long as the valve is open. Thus,
fuel evaporation occurs in the cylinder, and the air fuel
mixture becomes more homogeneous than when fuel
evaporates in the manifold [2].
Newer and more stringent exhaust emission standards
around the world and decreasing fuel reserves call for
some modifications to internal combustion engines.
Pre-mixed homogeneous charge compression ignition
engines (HCCI) with common characteristics of both
spark ignition engines and compression ignition
engines are one of the main areas studied in the
literature. HCCI engines are promising as a
combustion mode with advantages that can meet high
thermal emission and exhaust emission standards.
HCCI engines can operate on poorer mixtures and
provide simultaneous reduction of NOx and carbon
emissions, resulting especially from diesel engines
[11-12]. Combustion process in HCCI combustion
mode results from simultaneous combustion of
homogeneous-charge premix in the combustion
chamber [13].
Even though optimum settings are achieved in
conventional homogeneous-charge engines, the fuel
consumption of gasoline engines is high. This is
mainly due to the fact that the compression ratio is low
owing to certain limits and lean mixtures cannot be
used as in diesel engines. One of the most important

solutions to this problem is the stratified charge
principle, which allows gasoline engines to operate on
lean mixtures [14]. The stratified charge principle was
first applied by Ricardo in 1918. Engines operating on
this principle are referred to as "stratified charge
engines" [15]. The reason for the increase in efficiency
is the rich mixture around the ignition plug and lean air
fuel mixture in the other parts of the combustion
chamber provided by the stratified charge system. The
total excess air coefficient (EAC) of the mixture in the
combustion chamber is in the lean region. It has been
shown that in-cylinder temperature decreases, and
specific heat and transfer also decrease by extension
and chemical degradation does not occur as a result of
the combustion of the lean mixture. It has also been
stated that pumping losses will be reduced as the
required throttle opening for the load adjustment
increases. Thus, the load can be adjusted by changing
the mixture ratio without throttle opening in stratified
charge engines as in diesel engines [2]. Figure 2 shows
the twin swirl combustion chamber mechanism as an
example of the stratified charge.

Figure 2. Two-stage combustion mechanism scheme in
twin swirl combustion chamber [16]

Mitsubishi introduced its gasoline direct injection
(GDI) engines in 1996 [16]. The pre-combustion
chamber was removed from this engine, which was not
adapted to be fed with a rich air fuel mixture, and the
combustion chamber in the piston was designed in
such a way that fuel droplets injected into the cylinder
at high pressure are directed towards the ignition plug
in all load regimes, which makes the rich air fuel
mixture possible. Fuel, when injected into the cylinder,
changes with the aid of the electronically controlled
injector depending on the load regime. Fuel is injected
at suction stroke in order to generate a homogeneous
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mixture in the cylinder at full loads while it is injected
at compression stroke in order to generate a stratified
charge in the cylinder at partial loads. Depending on
the load, EAC X ranges from 1.0 to 3.5, thus making
the engine highly efficient and economical [16].

3. Material and Method
The aim of the study is to examine the in-cylinder
motion of air fuel mixture injected into the combustion
chamber during the suction stroke in a gasoline engine.
To do this, a two-dimensional geometric shape
consisting of combustion chamber, valve and piston
head was drawn using 1.6 engine scales of Fiat Tempra
in accordance with catalog data in Table 1.
Table 1. Trademark catalog data of the test engine
Trademark

Fiat

Number of cylinders

4

Diameter X Course

86,4 X 67,4 mm

Cylinder volume

1581 cm3

Maximum RPM

5800 RPM

Maximum power

62 kW

Compression ratio

9,2

Combustion chamber volume

33,7 cm3

Valve Diameter

39,5 mm

Valve Seating Angle

45®

with the geometric figures catalog values consisting of
combustion chamber, valve and piston crown by using
the 1.6 engine dimensions. For analysis of 2D
geometry obtained, mesh network structure was
created by using tetrahedral network structure in
ANSYS / FLUENT analysis program. Necessary
improvements have been made, especially on narrow
and thin edges. Before starting the analysis, the
network structure conformity check was checked in the
skew section and the problematic parts were corrected.
After confirming the suitability of the network
structure, FLUENT section was started to define the
analysis parameters. In this section, the standard k-Ɛ
turbulence model has been chosen to examine incylinder vortexes and their quantity, which is the
purpose of the study. Boundary conditions are
determined by naming the inlet, valve, wall and piston.
He average piston speeds of the engine for 900 rpm,
3000 rpm and 5000 rpm are calculated and based on
these values, the air velocity at the valve opening is
calculated, the intake valve at the beginning of the
suction and for every 30o CA after TDC the gap was
measured and the turbulence events occurring in the
cylinder for each determined degree were analyzed and
post-processing was photographed.

4. Results and Discussion

Mean piston speeds were selected as 900 RPM, 3000
RPM and 5000 RPM, which are the common operating
speeds, and based on these values, the air velocity at
the valve opening was calculated to measure the intake
valve opening of the piston for each 30 ° CA after TDC
(Top Dead Center) and suction at the start of its stroke.
In-cylinder turbulence for each degree was analyzed
and photographed using the ANSYS. PRODUCTS.
V15.0.7.WIN64-MAGNiTUDE Fluent software
package.
The aim of the study is to examine the movements of
the air fuel mixture in the cylinder at the time of suction
in a gasoline engine. For this purpose, the Fiat Tempra
vehicle was drawn in two dimensions in accordance

Piston positions of the engine at the beginning of the
suction stroke at speeds of 900 RPM, 3000 RPM and
5000 RPM were selected at -20o crankshaft angle
before piston TDC, and at 30o,60o, 90o, 120o, 150o and
200o crankshaft angle after piston TDC. Flow rates
were examined with reference to the piston speeds at
those angles.
The air fuel mixture sucked into the cylinder by the
difference of pressure during the suction stroke
produces turbulence depending on the valve position,
shape of the combustion chamber and piston head
shape. Depending on the valve opening, there are also
some small vortices around the two main turbulences.
The air fuel mixture becomes richer where vortices are
dominant while it becomes leaner at sharp edges and
corners. To overcome this problem, those sharp edges
and corners in the cylinder must be rounded.
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4.1. Air motions at 900 RPM suction stroke

Figure 3 Beginning of suction stroke -20o CA

Figure 4 Suction stroke 30o CA

The piston is 2.55 mm below TDC when the engine is at the operating condition of -20° CA at 900 RPM, and the
valve opening is 0.65 mm when it operates at a speed of 2.022 m/s at the beginning of the suction stroke. Under
these circumstances, the air fuel mixture introduced into the cylinder reaches its maximum speed (9.67 m/s) and
generates three main vortices. Due to the sharp edges of the cylinder, small and weak vortices are formed. Figure
3-4 shows the two main vortices formed when the piston moves to 30° past TDC.

Figure 5 Suction stroke 60o CA

Figure 6 Suction stroke 90o CA

Figure 5 shows that due to the geometrical shape of the combustion chamber and piston head, small vortices on
the left side of the cylinder merged to form a third distinct vortex at 60° CA. The two main vortices grew to a
large size, which led to the concentration of the air fuel mixture in this region, and the third vortex changed shape
along in the Figure 6 cylinder at 90o CA.

Figure 7 Suction stroke 120o CA

Figure 8 Suction stroke 150o CA
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Figure 7-8 demonstrates that the two main vortices grew to a large size and some small vortices were formed due
to the geometrical shape of the combustion chamber. At 150o CA, the air fuel mixture was concentrated in the
middle of the cylinder.

Figure 9 Suction stroke 180o CA

Figure 10 End of suction stroke 200o CA

Figure 9-10 demonstrates that regional concentrations in the air fuel mixture increased, losing its previous density
at 180o CA. The in-cylinder flow decreased with the suction valve (0.65 mm) closing as the suction stroke was
coming to an end at 200o CA. There was a main vortex near the spark plug and small vortices in the other parts.
The composition of the big vortex was richer than those of the others.
4.2. Air motions at 3000 RPM suction stroke

Figure 11. Beginning of suction stroke -20o CA

Figure 12. Suction stroke 30o CA

Figure 13 Suction stroke 60o CA

Figure 14 Suction stroke 90o CA
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The images obtained at 3000 RPM show that the highest flow rate was about 35 m/s (Figures 11, 12, 13 and 14).
As the engine revolution increases, the velocity of the air entering the cylinder also increases. However, the
vortices formed at 3000 RPM are similar to those formed at 900 RPM

Figure 15 Suction stroke 120o CA

Figure 16 Suction stroke 150o CA

Figure 15-16 shows that there is a main vortex in the center formed at 3000 RPM and four small vortices in the
corners. The comparison of 150o CA and 900 RPM shows that there is an increase in the number of small vortices.
Figure 17-18 shows that rich mixture was observed in the middle part and lean mixture at the corners.

Figure 17 Suction stroke 180o CA

Figure 18 Suction stroke 200o CA

At 180o CA and 200o CA, the small vortices grew to a large size and the mixture was unstable at points far from
the spark plug.
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4.3. Air Motions at 5000 RPM suction stroke

Figure 19 Beginning of suction stroke -20o CA

Figure 20 Suction stroke 30o CA

Figure 21 Suction stroke 60o CA

Figure 22 Suction stroke 90o CA

In Figures 19 to 22 at 5.000 RPM, the speed at the valve section was up to 55 m/s and the resulting vortices
consisted of two main vortices and small vortices.

Figure 23 Suction stroke 120o CA

Figure 24Suction stroke 150o CA
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Figure 25 Suction stroke 200o CA

In Figures 23 to 25 with the expansion of the cylinder
volume, the mixture is concentrated in the middle of
the cylinder at the end of the suction stroke. Small
vortices are formed in front of the spark plug and at the
corners.
5.

Conclusion

Within the scope of power and efficiency enhancement
efforts in internal combustion engines, combustion
chamber design and the characteristics of air fuel
mixture in the combustion chamber are of great
importance. In this context, numerical analysis and
modeling using computerized software before
conducting experimental studies have many
advantages such as time and cost effectiveness. The
ANSYS Fluent software package is one of these
computerized models. Numerous data such as flow
events, thermal events, etc. can be obtained in models
generated by the ANSYS Fluent software. Using the
ANSYS Fluent software, this study carried out a twodimensional investigation of the combustion chamber
and in-cylinder flow of the internal combustion engine
and obtained the following results.

gaining a laminar structure and then turbulence as the
flame speed and feed rate increase. A flame front that
does not start properly may disintegrate and
combustion may be terminated before completion
depending on the combustion chamber and mixing
conditions. These, of course, depend on the geometry
of the combustion chamber, performance of the heat
transfer and cooling system, increased gas quantity,
and structure, shape and temperature of the mixture.
The flame structure and speed depend directly on the
preparation of the mixture and on the mixing ratio. It is
necessary to optimize these parameters to maximize
these values for each engine type. Adhering to the
experimental methods in the optimization of these
values makes it difficult to obtain the results. The
stated conditions are, of course, of vital importance for
the simulation studies carried out.
The data indicate that avoiding sharp corners will be
beneficial for an ideal in-cylinder flow and that
positioning the suction valves close to the vertical axis
of the cylinder will contribute to mixture production,
combustion and volumetric efficiency.
It is suggested that the ANSYS Fluent software and
dynamic mesh for a three-dimensional investigation of
in-cylinder flow.
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From a three-dimensional perspective, the turbulence
generated has a mushroom shape. The upward motion
of the piston causes the resulting vortices to merge with
one another. The flow of the engine at 900 RPM is
more uniform and as the engine speed increases, the
vortices become more distorted and create different
mixing zones. The diffusivity of the vortices and
different mixing zones make combustion difficult. It is
known that combustion may cause knocking in a
nonhomogeneous mixture and that exhaust emissions
are negatively affected by incomplete combustion.
Complete combustion depends on proper formation of
a flame front after the ignition of the spark and spread
of the flame all over the combustion chamber by first
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